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ABSTRACT OF THE DISSERTATION

Strategic Monte Carlo and Variational Methods in Statistical Data Assimilation for
Nonlinear Dynamical Systems

by

Aleksandra Shirman

Doctor of Philosophy in Physics

University of California San Diego, 2018

Professor Henry Abarbanel, Chair

Data Assimilation (DA) is a method through which information is extracted from mea-

sured quantities and with the help of a mathematical model is transferred through a probability

distribution to unknown or unmeasured states and parameters characterizing the system of study.

With an estimate of the model paramters, quantitative predictions may be made and compared to

subsequent data.

Many recent DA efforts rely on an probability distribution optimization that locates the

most probable state and parameter values given a set of data. The procedure developed and

demonstrated here extends the optimization by appending a biased random walk around the states
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and parameters of high probability to generate an estimate of the structure in state space of the

probability density function (PDF). The estimate of the structure of the PDF will facilitate more

accurate estimates of expectation values of means, standard deviations and higher moments of

states and parameters that characterize the behavior of the system of study. The ability to calculate

these expectation values will allow for an error bar or tolerance interval to be attached to each

estimated state or parameter, in turn giving significance to any results generated. The estimation

method’s merits will be demonstrated on a simulated well known chaotic system, the Lorenz 96

system, and on a toy model of a neuron. In both situations the model system provides unique

challenges for estimation: In chaotic systems any small error in estimation generates extremely

large prediction errors while in neurons only one of the (at minimum) four dynamical variables

can be measured leading to a small amount of data with which to work.

This thesis will conclude with an exploration of the equivalence of machine learning and

the formulation of statistical DA. The application of previous DA methods are demonstrated

on the classic machine learning problem: the characterization of handwritten images from the

MNIST data set. The results of this work are used to validate common assumptions in machine

learning work such as the dependence of the quality of results on the amount of data presented

and the size of the network used. Finally DA is proposed as a method through which to discern

an ‘ideal’ network size for a set of given data which optimizes predictive capabilities while

minimizing computational costs.
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Chapter 1

Introduction

Scientific research in many fields from geoscience to neuroscience involves making

estimates of physical parameters and the state of a system using knowledge of only a subset of

the system state variables. The use of only a subset of the state variables within the system for

parameter estimation is because it is rare that every degree of freedom that is necessary to describe

a system can be recorded simultaneously. In such a situation when only a subset of the degrees of

freedom are known, the full state of the system must be inferred from the measured subset. This

inference consists of a transfer of information from measured to unmeasured degrees of freedom

through constraints determined by a mathematical model of the system of study leading to the

generation of estimates for unknown states and parameter values. These estimates allow for the

complete characterization of the system of study and for the generation of numerical predictions

to validate the results. Methods of information transfer between measured and unmeasured

degrees of freedom make up the field of Data Assimilation (DA) [22].

This thesis discusses the methods through which the transfer of information may be

accomplished as well as demonstrating some real world examples of this transfer of information.

We apply the methods of information transfer, in particular, to systems that may be described by

a set of couple differential or difference equations, specifically those in which the dependence
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on the time is implicit. The application of these methods is done with the goal of estimating

unknown quantities within the system in such a way as to be able to quantitatively predict future

time evolution of the system.

1.1 The Problem to be Solved

Consider a system in which the degrees of freedom are defined as the components of a

D-dimensional vector, x. The evolution of x can be described by the equations

ẋi(s) = fi(x(s),p) (1.1)

xi(s+∆s) = Fi(x(s),p) (1.2)

where s is the independent variable and p is an Np-dimensional vector of all constant

parameters of motion. The function, f(·), in Eq. (1.1) defines the equations of motion of the states,

x. The function, F(·), in Eq. (1.2) is the time discretized version of f(·). For notational simplicity

we drop the explicit dependence on the parameters, p, in the expressions for the functions, f(·)

and F(·). The discretization is defined as

F(x(s)) = x(s)+
∫ s+∆s

s
f(x(w))dw (1.3)

DA methods for information transfer are typically applied to problems which can not

be analytically solved and thus the integral in Eq. (1.3) is difficult or impossible. As such, the

integral for calculating F(·) is approximated through an arbitrary choice of discretization method.

Let us now consider a system in which only an L-dimensional subset of the D-dimensional

state variable vector can be measured. We define the vector of measurement values at time s

as y(s). Acknowledging that measurements are not noiseless and that in some situations the
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measurement may be of a function of multiple state variables, we define y(s) in the following

manner:

y(s) = h(x(s))+ηηηm(s) (1.4)

The function, h(·) defines the measurement function. If the measured values are a subset of

state variables, then h(·) is simply a projection from D-dimensional to L-dimensional space. The

vector, ηηηm(s), is a vector of measurement noise. Assuming uncorrelated Gaussian measurement

error, we define ηηηm(s) as a vector whose elements are sampled from Gaussian distributions

centered at zero and with standard deviation determined by the accuracy of the measurement for

the corresponding degree of freedom. The value of the standard deviation of each Gaussian is due

to the experimental accuracy and without replacing experimental equipment can not be reduced.

If one wishes to characterize the state of the system and predict future behavior, it is

necessary to generate an estimate of all D state variables, including the D−L state variables

that have not been measured, as well as the Np parameters that govern the equations of motion

of the full state of the system. In a sense, to estimate the values of x(s) and p in such a way

as to best fit Eq. (1.3) to the measured experimental data. For complex and high dimensional

systems with many unknown states and parameters this is a difficult problem. This thesis will

address computational methods for making such estimations and will present examples of their

application.

To do this, we define a probabilistic framework in which to approach the problem. We

wish to determine an expression for the probability of the full state of the system at the measured

time points and the parameters of motion conditioned on the measured data and the structure of

the model. We can then use this probability to determine the expectation value of any quantity we

wish to estimate.

To simplify notation, we define the path or set of state variables at all time points within

the estimation window as X(s f ) = {x(0),x(s1), . . . ,x(s f )} and the full path of data or the set of
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measurements at all time points within the estimation window as Y(s f ) = {y(0),y(s1), . . . ,y(s f )}.

The probability we wish to determine is then written as P
(
X(s f ),p

∣∣Y(s f ),F(·)
)
. Using this

notation we can determine the expectation value of some quantity G(X(s f ),p) as

〈G(X(s f ),p)〉=
∫

G
(
X(s f ),p

)
P
(
X(s f ),p

∣∣Y(s f ),F(·)
)

dXdp (1.5)

Estimating the probability and solving the integral in Eq. (1.5) for G(X(Ts),p) =

{X(Ts),p} would give an estimate for the full state of the system and all the parameters of

motion. Subsequently integrating from the end of the estimation window forward using the

equations of motion in Eq. (1.1) will provide an estimated prediction which can be used to

validate the parameter and state estimations through comparison of the predicted time evolution

of the system to the data.

1.2 Estimating the Probability Distribution

Solving the integral in Eq. (1.5) requires an expression for the probability of the state and

parameter values given the data and the model. A summary for the derivation of this expression

will be presented here [1]. We begin by making several simplifying assumptions

Assumption 1 The system is Markov: meaning the state at a future time point depends only on

the state at the current time point

Assumption 2 Measurement error is additive and there is no correlation between errors in

measuring different quantities or at varying time points

Assumption 3 Our mathematical model of the system has some finite probability of being correct

4



We begin by applying simple Bayesian methods

P
(
X(s f ),p

∣∣Y(s f ),F(·)
)
=

P
(
X(s f ),y(s f ),p

∣∣Y(s f−1),F(·)
)

P
(
y(s f )

∣∣Y(s f−1)
)

P
(
X(s f ),p

∣∣Y(s f ),F(·)
)
=

P
(
X(s f ),y(s f ),p

∣∣Y(s f−1),F(·)
)

P
(
X(s f ),p

∣∣Y(s f−1),F(·)
)

P
(
y(s f )

∣∣Y(s f−1)
)

P
(
X(s f ),p

∣∣Y(s f−1),F(·)
)

(1.6)

We then note that due to the definition of conditional mutual information

CMI(a,b|c) = log
[

P(a,b|c)
P(a|c)P(b|c)

]
(1.7)

we can rewrite the expression in Eq. (1.6) as

P
(
X(s f ),p

∣∣Y(s f ),F(·)
)
=exp

[
CMI

({
X(s f ),p

}
,y(s f )|Y(s f−1)

)]
P
(
X(s f ),p

∣∣Y(s f−1),F(·)
)

(1.8)

P
(
X(s f ),p

∣∣Y(s f ),F(·)
)
=exp

[
CMI

({
X(s f ),p

}
,y(s f )|Y(s f−1)

)]
·P
(
x(s f )

∣∣X(s f−1),p,F(·)
)

P
(
X(s f−1),p

∣∣Y(s f−1),F(·)
)

(1.9)

P
(
X(s f ),p

∣∣Y(s f ),F(·)
)
=exp

[
CMI

({
X(s f ),p

}
,y(s f )|Y(s f−1)

)]
·P
(
x(s f )

∣∣x(s f−1),p,F(·)
)

P
(
X(s f−1),p

∣∣Y(s f−1),F(·)
)

(1.10)

The last step in the above derivation comes from taking Assumption 2. The final term on

the right hand side in Eq. (1.10) is identical in form to the probability on the left hand side, but

with the measured and estimated paths, X and Y, containing one fewer time point. We can repeat

this process until the X and Y sets in the final term contain only x(0) and y(0)

5



P
(
X(s f ),p

∣∣Y(s f ),F(·)
)
= P(x(0),p)

f

∏
i=1

{
exp [CMI ({X(si),p} ,y(si)|Y(si−1))]

·P(x(si) |x(si−1),p,F(·))
}

(1.11)

In evaluating this expression we make one additional assumption: that we know nothing

about the initial condition. This leads to the probability of the initial condition being flat and

a constant value. Any multiplicative constants will be divided out of the expression for the

expectation value due to the normalization. Due to this, we can simplify Eq. (1.11) into

P
(
X(s f ),p

∣∣Y(s f ),F(·)
)
=C

f

∏
i=1

{
exp [CMI ({X(si),p} ,y(si)|Y(si−1))]

·P(x(si) |x(si−1),p,F(·))
}

(1.12)

The second term in the product in Eq. (1.12) is the transfer probability, the probability of

a state x(si) given the state at the previous time point x(si−1) and the model used to integrate the

trajectory forward in time. If our model was perfectly accurate and deterministic this would be

a delta function. We make Assumption 3 and allow for error in the time propagation function,

either through missing or incorrect terms and through stochastic error. To account for these errors

we must widen the transfer probability through some approximation of a delta function. We have

chosen to use the Gaussian approximation for a delta function.

P(x(si) |X(si−1),p,F(·)) ∝ exp
{
−

R f

2
|x(si)−F(x(si−1))|2

}
(1.13)

The function |·|2 is the vector inner product. The proportionality in Eq. (1.13) is due to

the necessity of the probability being normalized. We define R f as the inverse standard deviation
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squared of the error in the model. This determines the width of the transfer probability. If we

assume some error in the model such that

x(si) = F(x(si−1))+ηηη f (si) (1.14)

where ηηη f (si) is a term sampled from a distribution that describes the error in the model

estimate. R f is then the inverse of the variance of ηηη f (s). Note that when R f is zero the error in

the model is infinite and thus there is no information in the time series and the transfer probability

is uniform. Alternatively, when R f is infinite the error in the model is zero and the transfer

probability is a delta function. When R f is infinite the transfer probability approaches one in

which the model dynamics are strongly constrained, a situation that has been addressed in previous

work in DA [27].

All that is left is to determine an expression for the conditional mutual information in

Eq. (1.11) before we are able to begin solving for the expectation values of various quantities

of interest. This term effectively describes the difference between the estimated states and the

measured states. Making Assumption 1, the conditional mutual information takes the form [1]:

exp
[
CMI

({
X(s f ),p

}
,y(s f )|Y(s f−1)

)]
=C exp

{
−Rm

2
|h(x(si))−y|2

}
(1.15)

Here we define Rm as the inverse of the variance of ηηηm, first defined in Eq. (1.4). Putting

together Eq. (1.13), Eq. (1.15), and Eq. (1.12) we get a new expression for the probability of a

path given the data and the model

P
(
X(s f ),p

∣∣Y(s f ),F(·)
)
=C exp

{
−

(
R f

2

f

∑
i=1
|x(si)−F(x(si−1))|2

+
Rm

2

f

∑
i=0
|h(x(si))−y(si)|2

)} (1.16)

7



Many methods of DA, such as various modifications of Kalman filtering, typically use ad

hoc definitions of variable correlations in the formulation of the cost function, the term following

the negative sign in the exponent of Eq. (1.16). Though informed by the system and dynamics,

these correlation matrices are forced to certain values [16, 39]. Additionally traditional methods

assume the value of R f to be infinite leading to a cost function with strong constraints [27]. Any

stochastic or theoretical mistakes in the model would render such a cost function inappropriate

for the system of study. In contrast, the methods in this thesis define the variable correlations in

the cost function through the model dynamics which specify both spatial and temporal coupling

of states and allows for errors in the mathematical model of the system.

1.3 Calculating Expectation Values

Calculating the expectation value of some function G(X(s f )) involves calculating the

integral in Eq. (1.5) using the probability defined in Eq. (1.16). Systems in which the computa-

tional methods descussed in this thesis are useful and necessesary are often nonlinear and highly

coupled. Integrating over the probability in such systems is often very difficult to do directly as

the surface over which it is done is nonlinear and may be scale invariant [12]. As an example,

below is a 2-dimensional slice of P(X(s f ),p|Y(s f ),F(·)) for an 11-dimensional Lorenz ‘96 [28]

system in which five dimensions have been ‘measured’.

For a probability surface as in Figure (1.1) with many local maxima and irregular structure

direct integration over the surface is difficult. There exist many methods for approximating

complicated integrals like Eq. (1.5) over non-convex surfaces. One such method is the Laplace

method [23, 24] which entails approximating the expectation value of a function with the

weighted sum of the function calculated along the paths located at the probability maxima. The

weights for each component of this sum are determined by the probability of the path. The path

X0 associated with the largest maximum of the probability P(X(s f ),p|Y(s f ),F(·)) contributes to

8



Figure 1.1: 2-dimensional probability slice of D = 11, L = 2 chaotic Lorenz ’96 system. Slice
is taken over the values of the initial condition of an unmeasured variable and the constant
forcing term. Probability Surface is riddled with local maxima making it difficult to directly
integrate over this surface

the expected value integral by a factor approximately equal to P(X0
(s f ),p|Y(s f ),F(·))

P(X1
(s f ),p|Y(s f ),F(·))

more than the

path X1 associated with the second largest maximum.

The use of the Laplace method requires that the width of the peaks in probability distribu-

tion are small so that the paths located at probability maximum contribute significantly more to

the integral than the paths along the decay of these maxima. We make a further simplification by

assuming that there is a single peak in the probability density function which is significantly larger

than all other maxima. By assuming that the probability density function contains a maximum

that is significantly larger than all others and that the corresponding peak in the probability density

function is sufficiently narrow, we can approximate the expectation value in Eq. (1.5) with the

most probable value. In other words
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〈G(X(s f ),p)〉 ≈ G

(
argmax
X(s f ),p

[
P
(
X(s f ),p

∣∣Y(s f ),F(·)
)])

(1.17)

Here the output of argmax is the
{

X(s f ),p
}

path and parameter values that have the

highest probability. To find the most probably state, we must maximize the probability shown in

Eq. (1.16). This is difficult for two reasons:

1. The probability is often very nonlinear and has multiple maxima. In fact the maximization

of this probability is often an NP-complete problem [33]

2. Without knowing the underlying dynamics exactly, it is difficult to estimate the error in the

mathematical model used and thus the appropriate value of R f

There exists an optimization method to avoid these problems, called Variational Annealing

(VA) [37, 38]. To apply this method we first redefine the probability in terms of an Action such

that

P
(
X(s f ),p

∣∣Y(s f ),F(·)
)
= e−A(X(s f ),p|Y(s f ),F(·)) (1.18)

Due to this relationship, maximizing the probability density function is equivalent to

minimizing the action. We drop the dependence of the action on Y(s f ) and F(·) from this point

forward for notational simplicity. This leads to an equation for the action in the form

A
(
X(s f ),p

)
=

R f

2

f

∑
i=1
|x(si)−F(x(si−1))|2 +

Rm

2

f

∑
i=0
|h(x(si))−y(si)|2 (1.19)

We can generalize the Action in Eq. (1.19) back to continuous time by taking the limit as

∆s approaches zero and the number of total time points approaches infinity in such a way that the

total time window remains constant:
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Acontinuous
(
X(s f ),p

)
=

∫ s f

s0

dw
[

R f

2
|ẋ(w)− f(x(w))|2 + Rm

2
|h(x(w))−y(w)|2

]
(1.20)

The continuous time Action in Eq. (1.20) is analogous to the traditional action in classical

physics with the Lagrangian given by:

L(x(w), ẋ(w),w) =
[

R f

2
|ẋ(w)− f(x(w))|2 + Rm

2
|h(x(w))−y(w)|2

]
(1.21)

We can determine the path X0 which minimizes the action in Eq. (1.20) through the

solution of the Euler-Lagrange (EL) equations. The solution of the EL equations will thus

determine the most likely path and approximate the mean path given the recorded data. Solving

the EL equations directly is impossible except in special circumstances. Due to this constraint,

we apply numerical methods of optimization to determine an estimate for X0.

1.3.1 Variational Annealing

Variational Annealing is a method meant to alleviate the problems discussed in the

previous section with numerically optimizing a complex and nonlinear surface. The premise of

VA is to slowly and adiabatically enforce the model constraints given by the function defined in

Eq. (1.2) [37]. The method for this slow enforcement of the model constraints is through the

gradual increase of R f . As previously mentioned, when R f is zero the transfer probability from

one time point to another is uniform, thus the probability density function in state and probability

space is flat in all unmeasured directions and is Gaussian centered at the measured value with

width equal to the noise in the direction of the measured variables. The following steps are then

taken

1. Set R f = 0
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2. Using random initial guesses for the path and parameter values minimize the action

3. Set R f = R f ,0αβ with β defined as the iteration number and with some sufficiently small

value of R f ,0 and α > 1. Define a new action surface with these values

4. Using the values for the path and parameter found in the previous minimization of the

action as the initial points, minimize the action

5. repeat Step (3) and Step (4) until the value of the minimized action becomes independent

of R f

In Step (3) the value of α must be greater than one, but small enough that the surface of

the action changes smoothly from one iteration to the next. The smooth transformation allows

the minimization to ‘track’ the evolution of the minimum of the action as R f increases. Once the

location in path and parameter space is found that exactly fits the model of the system, the model

error term in the action becomes zero. At this point the value of R f has no effect on the action

and the ‘ideal’ path has been discovered.

When the number of measured variables is much smaller than the number of total states,

the initial action in Step (2) is flat in most directions. This allows for a wide range of initial search

locations leading to a likelihood that any single optimization routine will be ‘stuck’ in a local

minimum even with the annealing method. To combat this problem, several (typically around the

order of 100) random initial paths are chosen as starting points and each is passed through the

annealing routine. Depending on the structure of the action, this leads to several action ‘levels’ at

high R f values. When the lowest level is significantly smaller than all the others, this single level

may be used to approximate the expectation value of any desired function G(X(s f ),p).
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1.4 Shortcomings

Though variational annealing is a powerful method, it has several shortcomings due to the

fact that it utilizes optimization of a surface. Results of optimization, by definition, do not contain

any information as to the structure of the surface being optimized such as the width of peaks and

any higher moments. Optimization of any form uses the Laplace approximation when estimating

the expectation value of the probability density and assumes and is only accurate in the cases

where there is a rapidly decaying probability maxima. Without prior knowledge of the structure

of the distribution, it is not possible to determine if the Laplace approximation is appropriate.

Additionally, due to the lack of information with regards to higher moments, optimization gives

no way to determine error bars or confidence intervals for estimates made through this method.

When applied to experimental data, such error bars are crucial to understanding the system of

study and assessing the quality of the estimates made.

We investigate an extension to VA that allows for informed exploration of the structure of

P(X|Y). In multimodal systems, we are interested only in the structure of P(X|Y) near the largest

maxima as those regions contribute most significantly to the expected values of the statistical

quantities of interest. We develop and describe here a method through which the results of a VA

analysis are used to inform the boundaries of a Metropolis-Hastings Monte Carlo [31] search

in path space. The Monte Carlo search is constrained to regions of interest, the regions of high

likelihood determined through optimization of the probability distribution using VA. This targeted

search reduces the computational time necessary to accurately estimate the structure of P(X|Y)

at high probability regions of state and parameter space by avoiding regions of low probability

that do not significantly contribute to the integrals in Eq. (1.5). Combining a variational method

with a constrained random search provides the benefits of both the faster variational method and

the more thorough and informative Monte Carlo search.
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1.5 Overview of Thesis

This thesis develops a computational method in which information about the structure

and higher moments of the probability distribution can be extracted from the measured data and

the model. A previous method, the Maximum Likelihood Ensemble Filter method (MLEF) [39]

attempts to provide such information as to the structure and higher moments of the distribution

though does not address error introduced through inaccuracies in the model. MLEF enforces

strong model constraints that may lead to a search surface punctuated by many local minima and

may constrain the search to a region of state space which does not properly describe the data due

to stochastic or theoretical errors in the model constraints. The strategic Monte Carlo (SMC)

method presented and applied in this thesis differs from MLEF in part by allowing for error in the

model as first addressed in work on VA [1, 38].

The second chapter of this thesis develops the method underlying SMC and demonstrates

an application using data simulated from a chaotic Lorenz ‘96 model. This model is chosen due

to its flexibility: the Lorenz ‘96 system can easily be generalized to any number of degrees of

freedom and can exist both in an oscillatory or chaotic regime depending on the value of the

constant forcing parameter.

In the third chapter SMC is applied to a simulated neuron experiment. SMC’s ability to

determine the form of the probability distribution is demonstrated and assumptions about the

structure of the probability of states and parameter values conditioned on the data made in prior

work [35, 18, 5] are validated through the results here.

The fourth chapter discusses a generalization of DA methods to the field of Machine

Learning (ML) through the use of Neural Networks (NN). This chapter addresses the equivalence

between the optimization problem outlined in the Introduction and the one underlying ML. The

use of the weakly constrained Action, defined in the introduction, is proposed as a tool for future

ML research.
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Chapter 2

Strategic Monte Carlo

In the previous chapter we described a method, Variational Annealing (VA), for using

the hyper-parameter R f , or the model precision, as a tool for identifying the smallest minima

of the action. When the smallest of these minima is much smaller than the magnitude of the

next minimum, it dominates the expected value integral Eq. (1.5). When this occurs, Laplace’s

approximation [23, 24] for the expectation value of a function over the probability density is

valid. Our focus in this chapter is on methods to sample P(X,p|Y) when the conditions in which

optimization is an appropriate method are not met. In such cases the structure of the probability

distribution must be taken into consideration when solving the integral in Eq. (1.5).

We develop a method, Strategic Monte Carlo (SMC), to combine optimization and

random search methods to acheive better estimates of a complex probability density fuction while

decreasing the computational time needed to search this space. SMC is a process in which a

random search is conducted over the probability density function and is constrained through

importance sampling methods to regions in path space of high likelihood corresponding to the

locations of the local Action minimima found through VA.

This chapter will discuss the mathematics of SMC and demonstrate its application to the

estimation of states and parameters in simulated chaotic 11-dimensional Lorenz ‘96 system to
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test its effectiveness.

2.1 Background

We have written the conditional probability density function P(X,p|Y) as proportional to

P(X,p|Y) ∝ e−A(X,p)

A(X,p) =
tF

∑
t=0

[ L

∑
a=1

Rm(a, t)
2

(xa(t)− ya(t))
2 +

D

∑
a=1

R f (a)
2

(xa(t +1)−Fa(x(t),p))2
]
, (2.1)

in which the independent variable, s, has been relabeled t to explicitly denote time. Rm(a, t) is

the (diagonal) precision matrix for the Gaussian noise in the measurements, and R f (a) is the

(diagonal) precision matrix for the Gaussian error in our model x(t +1) = f(x(t),p). We no allow

both of the precision matrices to vary as a function of state, a, and measured time, t.

The first term in A(X,p) in Eq. (2.1) reflects a Gaussian error in the measurements, while

the second term describes the model error, also taken to be Gaussian. P(X,p|Y) is not Gaussian

as F(x,p) is nonlinear.

While other choices of error distribution are certainly possible, this expression of mea-

surement error and model error is analyzed so frequently we call this the ‘standard model’ for

statistical data assimilation.

As mentioned in the introduction, when R f → ∞ the model is satisfied exactly (becomes

deterministic). Alternatively, when R f → 0, the standard deviation of model error is infinite

and nothing can be learned about the time evolution of the system. At R f = 0 the probability

distribution is a Gaussian with width given by the measurement noise in the measured state

variable directions and flat in the direction of unmeasured variables. When there is zero precision

in the model, information is not transfered from measurements to unmeasured model states.

If the discrete time model dynamics defined by the discretization F(x,p) of the function

f(x,p) perfectly describes the system and all state variables are measured, then the probability will
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approach an approximation of a delta function with width given by the measurement accuracy. As

the number of measurements decreases, the probability will broaden in the unmeasured directions

and become more complex and multimodal depending on the structure of the equations of motion

and the form of the coupling between measured and unmeasured degrees of freedom in f(x,p).

While the value of R f approaches infinity and the model is deterministic, the transfer probability

from a time t to a time t + 1 will remain a delta function and the probability of the path will

depend entirely on the estimates of the parameters and initial conditions of the state variables

at time t0. With a finite R f value the model is non-deterministic and the state at one time point

does not lead directly to the state at the next time point. The transfer probability from one time to

the next widens and independent estimates of the state variables at all time points are required to

accurately approximate the integral 〈G(X,p)〉=
∫

dXdpG(X,p)P(X,p|Y).

2.2 Monte Carlo

A Monte Carlo procedure is a type of random walk search. In these searches, a ‘walker’

moves through path space with the probability landscape guiding the direction it steps. Over a

long enough walk, the amount of time spent in a region of state space becomes proportional to

the probability of those states. When sampling from a distribution using a Metropolis-Hastings

algorithm, first developed by Metropolis, et al [31], the search procedure consists of two steps:

1. start at some point in path space {X,p}; choose, or sample, a new point {X′,p′} in path

space selecting from Psample(X′,p′)

2. decide whether or not to accept this new point and to ‘step’ to it with Paccept(X′,p′), or

choose to reject this new point, and repeat the whole procedure starting with the same

initial point in {X,p}.

It is important that the distribution from which the ‘new’ point is sampled overlaps strongly
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with the search distribution. Intuitively this is because it is impossible to search a region that

is unsampled. Mathematically, this is because the distribution that is searched is equal to the

product of the sampling distribution and the acceptance/rejection distribution. If the sampling

distribution is zero where sampling occurs, the search will result in a zero probability regardless

of the acceptance/rejection probability since

Pout put(X,p|Y) = Psample(X,p|Y) ·Paccept(X,p|Y). (2.2)

For notational simplicity we drop the dependence on the data, Y in the following discussion.

We initialize our walker at location, {X,p}, and sample a location, {X′,p′}. The proba-

bilities of sampling the next location and of accepting it are conditioned on the previous walker

location. We use the property of detailed balance which states that

P(X′,p′)
P(X,p)

=
P(X′,p′|X,p)
P(X,p|X′,p′)

(2.3)

to connect the absolute probability of a state with a conditional probability of a state of the walker

given its previous state.

From here we have

P(X′,p′)
P(X,p)

=
Psample(X′,p′|X,p)Paccept(X′,p′|X,p)
Psample(X,p|X′,p′)Paccept(X,p|X′,p′)

(2.4)

A common, and easy to sample, choice for these probabilities is Psample(X′,p′|X,p) selected as a

Gaussian centered at {X,p} with some standard deviation given by the desired ‘step size’, where

Psample is a function of |X−X′|.

A sampling probability that is symmetric, like the commonly used Gaussian distribution,

transforms Eq. (2.4) to the simplified expression:
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P(X′,p′)
P(X,p)

=
Paccept(X′,p′|X,p)
Paccept(X,p|X′,p′)

(2.5)

We then can set

Paccept(X′,p′|X,p) = min
[

1,
P(X′,p′)
P(X,p)

]
(2.6)

as a possible acceptance probability. These choices uniformly sample the state space of the

problem. The search is allowed to run for a sufficiently long time that the location of the walker

becomes decorrelated from the initial location. The probability of a location is subsequently

determined by the fraction of time the walker spent at this location.

This method was applied by Kostuk, et al [21] using a definition of the probability

distribution function containing a model error term, often ignored in other Monte Carlo or

random walk estimation routines. As previously discussed, when model error is accounted for

in the probability distribution function the state at each time point in the trajectory must be

separately searched over because the transition from one time point to the next is not deterministic.

This increases the dimension of search by a multiplicative factor equal to the number of time

points used in the analysis. The number of random walk steps necessary to estimate a target

distribution increases with the dimension of the space explored [30]. A multiplicative increase

in the dimension of the problem equal to the number of time points in the data will cause the

necessary computational time for a random walk procedure to grow to unfeasible lengths. To

decrease the computational time necessary to make parameter and state estimates through a Monte

Carlo search of the probability distribution we introduce a method to constrain and guide the

search to regions of high likelihood.
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2.2.1 Importance Sampling Monte Carlo

If some structure of the desired distribution is known, it is possible to explore only the

higher probability regions of state space using the methods of Importance Sampling [8, 13]. A

sampling probability Psample(X′,p′|X,p) is chosen such that it depends explicitly on X as well as

the distance between X and X′. This sampling probability is often smoother and easier to sample

than the desired distribution, but it gives a rough approximation of the target distribution. For

example,

Psample(X′|X) = Pbias(X′,p)Pstep(X′,p′|X,p) (2.7)

Where Pstep is the previous Psample, a Gaussian with standard deviation given by desired

step size and symmetric in X and X′. The acceptance probability is left unchanged. Consequently,

the output distribution is given by

Pout put(X′,p′) = P(X′|p′)Pbias(X′,p′) (2.8)

To estimate the desired distribution of P(X′,p′), the output of the search algorithm is

multiplied by a weight given by

W (X′,p′) =
1

Pbias(X′,p′|X,p)
. (2.9)

This weight removes any bias introduced into the outcome by sampling certain regions more

often than others. To thoroughly explore all regions of interest or high probability, it is necessary

that Pbias(X′,p′) overlap strongly with the high likelihood regions of P(X′,p′).
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2.3 Methods

Though optimization of the probability distribution through the VA optimization of the

action provides a good estimate for the location of many of the maxima of the conditional

probability density function, in many cases, such as those in which the probability is asymmetric

or has fat tails, the location in state space of the maxima is insufficient to estimate expectation

values and higher moments for a distribution. An approximation of the structure of the probability

is needed. To address this need we apply the use of Importance Sampling discussed in the

previous section to the probability surface.

We implement an informed random walk that is constrained to regions of interest in

state space by the results of the previous VA analysis. In other words we execute an importance

sampling Monte Carlo in which the sampling distribution is informed by the location of the local

maxima in the probability as determined by the variational annealing method. The results of

VA optimization of the distribution is used to determine an appropriate bias probability, Pbias,

such that the bias probability is approximately centered at the maximum probability region of the

desired probability density and wide enough to encompass all regions of interest.

As the search space, and thus the resulting probability density function, is extremely

high dimensional, it is useful for visualization of the results to project the estimated distribution

into a lower dimensional space. Because parameters are constants in motion and because they

completely describe the model dynamics of the system, when the functional form of x(n+1) =

F(x(n),p) is given, we project the probability density function to the smaller space of the

parameter vector.

P(p′) =
∫

Pout put(X′,p′)W (X′,p′)dX′ (2.10)

Due to the discrete nature of the random walk search and the integral in Eq. (2.10) is

estimated as a sum over all accepted steps in the walker’s path.
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P(p′) =
Naccepted

∑
j=0

1
Naccepted

W (X′j,p
′) (2.11)

Where Naccepted is the number of total accepted paths. And the probability and Pout put(X′,p′)

is approximated by the frequency of the path {X′,p′} being accepted.

In this chapter we will apply the method developed in this thesis to the Lorenz ‘96 system

in which there is only one parameter. With one parameter this sum produces a probability

distribution in one dimension which can be easily visualized.

2.3.1 Informing the Random Walk through VA

Information on the location of local maxima in the probability distribution function

determined by VA can be used to inform the bias probability described in the previous section.

We set the center of Pbias(X′,p′) at the location of the highest probability path found by the

VA method. As a first order approximation, we set the bias probability to be an uncorrelated

multivariate Gaussian in all dimensions of {X′,p}. In each dimension the standard deviation of

the Gaussian is set to be four times the distance between the location in state space of the largest

and smallest local maxima of the probability found by the VA method.

In other words, define a path {X0,p0} which sets the location of the largest local

maximum and {X1,p1} that sets the smallest local maximum found by VA. Recall that X ≡

{x(t0),x(t1), . . . ,x(tF)}. If only one local maximum is found at the chosen R f , or model precision,

value we set {X1,p1} to be equal to a smaller local probability maximum found at a previous set

in the annealing procedure. We define the distance, Ds, between these paths as

Ds =(|X0−X1| , |p0−p1|)

Ds =
(
{|x0(t0)−x1(t0)| , |x0(t1)−x1(t1)| ,

. . . , |x0(tF)−x1(tF)|} , |p0−p1|)
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Where |A| ≡ |A1| · ê1 + |A2| · ê2 + . . . .

The dimension of each x(t) is D, the number of dynamical variables. To allow for the

same range of search at every time point for a given dynamical variable, we set the standard

deviation for the bias probability of the i’th element of x at any time, t j, to be equal to four times

the largest distance in that component of x. The factor of four is chosen to maintain weak bias in

the sampling while allowing all local probability maxima to fall within the well sampled region

of {X,p}. Or in other words

σ
i
search(t j) = σ

i
search = 4max

t

∣∣xi
0(t)− xi

1(t)
∣∣ (2.12)

for the search in state space, and

σσσ
p
search = 4 |p0−p1| (2.13)

for the search in parameter space.

The acceptance probability is defined by using Eq. (2.1) at the current and proposed

locations in state space, {X,p} and {X′,p′} , in Eq. (2.6).

This bias probability which contains all the local maxima found by VA within one fourth of

a single standard deviation gently constrains the walkers to stay within regions of high probability

as found by VA while still given freedom to explore the structure of the tails of the probability

distribution.

2.4 Results

We demonstrate the Monte Carlo Extension to VA in the following section. Testing of

this method is done on the Lorenz ‘96 system. The system itself can be characterized by a set

of D coupled differential equations with D≥ 3. In addition to the dynamical variables, xi(t) the
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system has a constant forcing term G.

dxi(t)
dt

= (xi+1(t)− xi−2(t))xi−1(t)− xi(t)+G (2.14)

The subscripts in xi(t) are calculated mod (D). As the magnitude of G grows it moves

the behavior of the system from the non-chaotic to chaotic regimes. The transition into chaotic

regime occurs at approximately G = 8 [19, 28].

2.4.1 Twin Experiments

Twin experiments are experiments run on simulated data. These can be used to test meth-

ods, design experiments, or determine various requirements such as noise level or measurement

frequency when recording data in a real experiment. Twin experiments are useful because having

generated the data we know all of the ‘unmeasured’ quantities in the system. This allows us

to test whether any estimates of unmeasured states or parameters match those not presented to

the analysis and thus whether the data presented provides sufficient information regarding the

dynamics to fully describe the system.

A mathematical model, identical to the one that best describes the system of study, is used

to generate simulated data. ‘Noise’ is added to the system output to mimic measurement error,

with the level of noise matching the known accuracy of the equipment used in a real experiment. A

noisy time series of L≤ D variables is presented to the estimation procedure as the only available

‘data’. Analysis is then done on the simulated data and results are compared with the known

underlying dynamics of the system.

For the work discussed in this chapter, we dealt with a set of twin experiment examples of

the Lorenz ‘96 system. The data for these experiments were collected from a D = 11 dimensional

example with an estimation window containing 165 time points separated by ∆t = 0.025 units.

We ran parameter and state estimations using a varying number L of measured states. And in all
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cases we added approximately 3.4% uniformly distributed measurement noise to the ‘measured’

variables. Our experiments varied the number of measured states to demonstrate the dependence

of results on L.

The threshold level of collected data necessary to extract sufficient information through

optimization methods to properly estimate all state variables and parameters of this model has

been determined to be approximately 40% of the degrees of freedom [20]. The quantity of

measured data in the following sections ranges from less than this threshold to above it. Around

the threshold there is a qualitative shift in the results.

2.4.2 Estimation on an Eleven Dimensional System

We set the magnitude of the forcing term in this twin experiment to be G = 10. Initial

states used to generate the data are randomly chosen within the dynamical range of the variables:

approximately [−10,10]. The equations of motion Eq. (2.14) were integrated forward using the

odeInt package in Python. Uniformly distributed noise with magnitude 17% of the dynamical

range of the variables of motion was added following the integration. Below is a time series

demonstrating the behavior of the first state, x0. This time series shown in Figure (2.1) is similar

to the time series of all other states.

Analysis was done using 2, 4, 5, and 7 measured states. In all cases the measured states

were distributed over the system as symmetrically as possible. For example, in the case of two

measured states, we measured x0(t) and x5(t). This was done because the coupling in Lorenz

‘96 is a type of nearest neighbor coupling and clustering the measured states together does not

provide sufficient information to make accurate estimates of unmeasured states [20].

Variational Annealing

Figure (2.2) demonstrates the results achieved by applying VA to the Lorenz ‘96 system

with L = 2, 4, 5, and 7 measurements respectively. The action is given by the negative log of
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Figure 2.1: Time series data for x0(t) from the Lorenz ‘96 equations D = 11. The forcing
parameter is G = 10.0.

the probability, A(X,p) =− log [P(X,p)]. As β = log
[

R f
Rm

]
increases, the action is increasingly

dominated by the model constraint. The relative magnitude of the R f and Rm terms in the action

is equal to β as shown in Eq. (2.1).

Figure (2.2) demonstrates that as L increases, we see the lowest action/highest probability

path increasingly separate from the other local action minima. This implies that the probability

maximum is exponentially higher on this high likelihood path and that the estimate for the

expectation value of the states and parameter will become increasingly dominated by this path.

This increasing separation implies that more measured data allows a more dominant maximum

likelihood path than when there are fewer measured states. Intuitively this should be clear.
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Figure 2.2: Action level plots for the Lorenz 96 model, Eq. (2.14) D = 11, and with L = 2,4,5,7
observed state variables. The number of minima in the standard action Eq. (2.1) decreases as
the number of measurements increase. This implies a smoothing of the action A(X) and of the
probability density function (∝ exp[−A(X)]) with increased information

The minimization that produces the plots in Figure (2.2) was performed using the open

source software, IPOPT [36]. The optimization was carried out using 100 initial conditions with

165 time steps of data for each of the plots shown.

The prediction error was then calculated for every initial condition at every value of R f

used in the annealing procedure. Prediction was made by using Python’s odeint and integrating

forward Tpred = 100 time steps from the value of the state {x(tF),p}. The predicted path was

compared to the ‘data’ using a least squares algorithm:
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MSE =
1

TpredL

Tpred

∑
t=0
|y(tF + t)−x(tF + t)|2 (2.15)

The squared term in Eq. (2.15) is the vector inner product. Prediction error, MSE, was

averaged over the number of measurements made so a comparison can be made between the error

at each L value. The initialization and R f value that generated the lowest prediction error was

used to set the location of the center of the Monte Carlo search in path space and the estimate for

the value of R f (the model precision). The initialization and R f value that generated the highest

prediction error was used to set the width of the sampling probability in path space as discussed

in Section 2.3.1.

At any given Tpred value, we expect the MSE to depend on the error in estimation of

the initial state of the prediction, ∆. The magnitude of ∆ is in turn proportional to the value

of the action of the corresponding path vector. We expect the distribution of MSE’s over all

paths to reflect the distribution of action values. We see that this is the case by comparing the

plots in Figure (2.2) and Figure (2.3) for large β = log R f
Rm

values in which the model is strongly

constrained throughout the state and parameter estimation.

The path producing the lowest action level in Figure (2.2) corresponds to the one producing

the lowest prediction error in Figure (2.3). These results validate the choice described in Section

2.3.1 for selecting the lowest MSE path as the center of the Importance Sampling search and as a

first order estimate for the highest probability path.

Since we have chosen the value of the forcing term, G, to be within the range in which the

Lorenz ‘96 system is chaotic, we expect large errors in prediction even when the estimates of the

parameter and final states are relatively accurate. In chaotic systems the upper bound of the error

in a prediction grows exponentially as ∆ · etλ where λ is the largest Lyapunov exponent of the

system [10]. In a chaotic system such as this one, the Lyapunov exponent in at least one of the

degrees of freedom is positive. This leads to growing error as Tpred grows. A finite maximum

MSE value, determined by the size of the attractor of the system, is reached at large Tpred for the
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initial prediction conditions located on the attractor.

This is demonstrated in Figure (2.4). Here the mean square error is plotted as a function

of prediction length for each set of initial prediction conditions. The initial prediction conditions

were chosen using the 40’th annealing step for each L value. As expected, the value of the mean

square error grows with the length of the prediction window, while reaching a plateau for many

of the initial conditions on the attractor. For the L = 5 and L = 7 examples, the MSE does not

appear to asymptote by the end of the prediction window. This may simply be due to the small

magnitude of ∆ at the start of the window.

Figure (2.5) shows the estimation and prediction of the highest likelihood path identified

by the lowest prediction value over all annealing iteration and paths. For small L values in

which the measured data is insufficient to find an accurate estimate of the states and parameter

values [20] the chosen paths are visibly poor at estimating and predicting the trajectory of the

plotted state variable. With increasing L the estimation and prediction improves significantly. The

trajectories in Figure (2.5) indicate the center of the Monte Carlo search over path space in the

x0(t) direction or equivalently the mean of Pbias projected onto the x0(t) plane in path space.

Random Walk

To estimate the distribution, P(p), a random walk was initialized with 100 walkers starting

at points uniformly distributed over an area of path and parameter space with side lengths equal to

1/2 the bias standard deviation as defined in Section 2.3.1. The random walk was run in Python

with a burn in period of length 2,000 steps followed by a 1,000,000 step walk. The location of

the walkers in path and parameter space was recorded every 80 steps. This results in 1,250,000

individual paths sampling the state and parameter space.

Figure (2.6) displays the output of the SMC protocol projected into a histogram P(G)

in one dimension for the forcing parameter G as described in Section 2.10. The histograms in

Figure (2.6) are qualitatively what is expected. The bottom right plot in Figure (2.6) demonstrates
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multiple peaks in probability for 7 measured states with the largest one being much larger than

the others. Additionally the width of the distribution tightens as the number of measured states

increases. The estimate of the expectation value of the forcing parameter, found in the upper left

corner of the histograms, also improves with increased L. This is as it should be as an increase in

the number of measured states L implies an increase in the amount of information presented to

the calculation. This, in turn, allows for better estimates of unmeasured quantities.

Stability

To test the stability of this method in producing consistent results when estimating the

states and parameters of a system the same analysis was performed 80 times for one specific L

value. A stability analysis was performed on the Lorenz ‘96 system with D = 11 and L = 5. The

relatively low L value was chosen so that the distribution being sampled has more than one local

maximum. The expectation value of the forcing parameter, G, at every analysis is recorded and

ploted in Figure (2.7).

The resultant mean of means for the estimated forcing parameter is 10.26 while the vari-

ance of this value is 0.01. The calculated variance of each individual distribution is approximately

0.1. For an estimate produced from a sufficiently well sampled analysis, we expect the variance

of the set of expectation values from all analyses to be significantly smaller than the variance

of the distribution sampled as the number of analyses increases. At 80 analyses of 1,250,000

points each, the variance of the means is a factor of 10 smaller than the estimated variance of the

distribution.

We expect that the stability of the SMC analysis, determined by the variance of the

estimated means through several identical analyses, will decrease with the increasing random

walk length within SMC. As the length of the random walk increase the estimated distribution

converges to the sampled distribution [31]. When samples must be weighted as in the case of

Importance sampling, the number of effective samples is smaller than the number of total samples
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Figure 2.7: Histogram of expectation values of 80 SMC analyses for Lorenz ‘96 with D = 11
and L = 5. The mean of the expectation values is 10.26 with variance 0.01. The green dashed
line is a Gaussian curve with the same mean and variance as the data points fit to the results.

by a factor depending on the size of the weights [29], in turn determined by Pbias. Additionally, the

rate of convergence for the estimated and sampled distributions decreases as the dimensionality

of the search increases. For these reasons we see a relatively wide distribution for the estimated

mean parameter value.

Improved stability may be achieved through increasing the number of samples collected

throughout the analysis by increasing the number of walkers, the amount of steps SMC runs for,

or both. Increasing the number of samples within the analysis should improve the sampling of the

distribution and simultaneously improve the stability of this analysis. In addition to increasing the

number of total samples collected, alternative sampling routines which have shorter convergence

35



times may be implemented to improve the stability of the results [32].

2.5 Discussion

We have shown that using random walk methods as described here to sample conditional

probability distributions in the neighborhood of their maximum, informed by VA numerical

optimization, provides useful information as to the structure of the probability distribution. Un-

derstanding this structure gives us information as to accuracy of parameter and unmeasured state

estimates which can be useful in applications where a confidence interval is desired. Additionally,

the exploration of the structure of conditional probability densities confirms previous assumptions

of the dependence of the probability distribution on the number of measured variables. The SMC

method presented here demonstrates the expected smoothing of the probability density function

given more information and demonstrates promise in approximating higher order estimates of

moments of the distribution given the multimodal structure of P(X,p).

The analysis of stability of this method in the form of estimated mean and standard

deviation of the P(G) distribution demonstrates acceptable stability for L = 5 measured variables

in a chaotic system. Further analysis must be done to calculate the variation in the estimated

mean and standard deviation as the amount of measured data varies. Due to the fact that rate of

convergence depends on the level of tuning of step sizes for a particular search distribution and

that the optimal step size for a distribution depends on the structure of the search distribution [13],

it can be expected that the rate of convergence for the estimate of the probability distribution will

vary with varying L values. This may be verified through estimating the variance in the mean

SMC parameter estimate as a function of L value and may be addressed through adaptive tuning

of step sizes to the distribution, exploring the space for a sufficient amount of time, or choosing

search methods which converge to the search distribution at higher rates. Regardless of the exact

search method used, SMC demonstrates an informed method through which the search space

36



of a high dimensional and multimodal probability density may be constrained to only regions

of significance. This bounded search decreases the necessary computational time to understand

and estimate the regions of the probability density function that dominate the integrals used to

calculate expectation values.

This chapter was adapted from work being prepared for publication of the material as

it may appear in S. Shirman, H. D. I. Abarbanel, Strategic Monte Carlo Methods for State and

Parameter Estimation in High Dimensional Nonlinear Problems, with consent of the authors. The

dissertation author was the primary investigator and author of this paper.
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Chapter 3

Twin Experiments on Neural Models

3.1 Introduction to Biological Neuron Models

Neurons are one of the building blocks of animal brains and nervous systems. These

cells communicate in a network through electrical and chemical signals. The electrical currents

in neurons occur across their membrane and travel from their starting point down the extended

processes of the cell. Unlike in engineered circuits in which the current is caused by electron flow,

the currents in neurons are comprised of the movement of charged ions. The electrical properties

of neurons are determined by their type and the time varying environment that they reside in.

This thesis focuses on spiking neurons, these are neurons which produce large amplitude and

high frequency action potentials which occur as the neuron membrane potential, defined as the

potential difference between the inside and outside of the cell membrane, reaches some threshold

value. Additionally, all models discussed in this thesis are biophysically realistic conductance

based models which describe the membrane voltage evolution as a function of ion flow and

chemical and biological states of the neuron.

Conductance based neuron models are of the form
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dV (t)
dt

=C−1
∑

i
Ii(t) (3.1)

Ii(t) = gi(t)(Ei−V (t)) (3.2)

The subscript i refers to the various ions whose currents drive the cell’s voltage evolution.

For each ion type, the conductance gi(t) has its own form due to the biological and chemical

properties of the cell and its components. The number and type of ion currents present in the cell

depend on the cell type and can be determined experimentally through pharmacological means.

3.2 The NaKL Model

The simplest action potential generating neuron model was first described by Hodgkin

and Huxley [14]. This model contains two ion currents, Sodium and Potassium, and one “leak”

current which corrects for the permeability of the neuron membrane. Due to the currents present

within this model, it is called the NaKL neuron model and is listed below.

dV (t)
dt

= g′Na ·m3(t)h(t)(ENa−V (t))+g′K ·n4(t)(EK−V (t))+g′l(El−V (t))+C−1
m Iin j (3.3)

dx(t)
dt

=
x∞(V )− x(t)

τx(V )
(3.4)

x∞(V ) =
1
2

[
1+ tanh

(
V −θx

σx

)]
; τx(V ) = tx,1 + tx,2

[
1+ tanh

(
V −θx

σx

)]2

(3.5)

x = m,h,n

Where the gx are the maximum conductances of various current types and g′x =
gx
Cm

is the
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conductance scaled by the membrane capacitance. The E’s are reversal potentials for the various

current types and m(t), h(t), and n(t) are gating variables that determine the time dependence

of the conductance of the cell to a specific ion type and have a dynamical range between [0,1].

The currents are regulated by ion channels that allow ion flow across the membrane. When the

channels are ‘open’ ions can flow, while when the channels are ‘closed’ they can not. The state

of ion channels is determined by the cell environment they reside in. The maximal conductance

of a channel is given by the properties of the ion channels themselves and the density of these

channels within the cell membrane. The actual conductance of an ion channel is given by the

product of the maximum conductance and the probability of an ion channel being open.

The equivalent circuit diagram for this set of equations is given in Figure (3.1) to help

visualize the ion flow.

Cm

1
gNa

ENa EK

1
gK 1

gL

Outside

Inside

Figure 3.1: Equivalent electrical circuit of a NaKL neuron. Note the change in direction of
the Sodium and Potassium ‘batteries’. The membrane voltage is measured as the difference
V (t) =Vinside(t)−Voutside(t).

Biologically the concentration of the Sodium ions is significantly higher on the outside

while Potassium ion concentration is significantly higher on the inside of the cell membrane
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during equilibrium [17]. The Sodium current is activated when the probability of a channel being

open, m3(t)h(t), is large. This probability is the product of the probability of Sodium channels

opening, m3(t), and the probability of Sodium channels closing h(t). The product of two gating

variables in the Sodium conductance value causes the channels to open and then rapidly close.

While the Sodium channels are open, positively charged Sodium ions move from the outside

of the cell to the inside. Because the Sodium channels close based on the behavior of h(t), the

Sodium current is a fast and short lived current. On the other hand, the Potassium current is

activated by the probability for Potassium channels to open, n4(t). There is no closing probability

allowing the Potassium channels to stay open for a much longer period of time than Sodium

channels. While Potassium channels are open, Potassium ions diffuse accross the membrane to

the outside of the cell.

During an action potential, or spike, the membrane voltage grows from equilibrium. The

Sodium channels open, Sodium ions move into the cell and raising the value of the membrane

potential. The Potassium ions then move across the cell membrane in the opposite direction.

The speed of the Sodium ions opening, given by the inverse of τm(V ), is much larger than the

speed at which the Potassium channels open. Thus, overall, the membrane potential rises. As

the membrane potential rises, the Sodium channels begin to close due to the effects of h(t),

the closing probability. This shuts off the effects of the Sodium current and allows the slower

Potassium current to decrease the value of the membrane potential until equilibrium is once again

achieved, ending the action potential.

The difference in equilibrium concentrations on the inside and outside of the cell between

the two ions leads to very different reversal potentials for these two ion channels. These different

reversal potentials effect the direction of the current due to the different ion types. The rever-

sal potential for Potassium is set to −77mV which is approximately equal to the equilibrium

potential of the cell while the reversal potential for Sodium is set to 55mV . These reversal

potential differences cause the Potassium current to decrease the membrane potential value for
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any membrane potential above equilibrium while the Sodium current increases the membrane

potential for membrane potentials below 55mV . Because the conductance value for the Sodium

ions is larger than for Potassium and because the time constant for the opening of the Sodium

ion channel is shorter than for the Potassium ion channel, the interplay of Sodium and Potassium

currents cause a sharp increase followed by a slower decay in the membrane potential when a

positive driving current is present.

We assume in this work that the properties of ion channels are known and constant

over cells and that cell to cell variation in conductance properties corresponds to a varying

concentration of channels embedded in the membrane leading to variable maximal conductances

[3]. For this reason we will set the channel parameters as constant throughout this thesis and will

treat only the various maximal conductances and the capacitance of the membrane as unknown.

Results on parameter estimation from simulated experiments will be presented in this

chapter. The data used in the experiment will be the voltage time series of a simulated neuron

and the aim of the estimation will be to determine the time series of the gating variables and the

maximal conductance values using the optimization and random search methods developed in

previous chapters. Simulated experiments will be conducted on two different types of conductance-

based neuron models with the goal of estimating the value of the maximal conductances and the

error bounds or sensitivity of the model to particular estimates.

The NaKL model is employed as a test bed for the Optimization and SMC routine on

physically interesting systems. We simulate the time evolution of this neuron using parameters set

to accepted values [17]. Normally distributed additive noise is added to the recorded time series

of the data. Below is the time series of voltage data and driving current used in this experiment.

Only the voltage data is presented to the optimization or SMC procedures for parameter and state

estimation.

During the model fit and parameter estimation process all parameters besides the conduc-

tances and the membrane capacitance are set to the approximate biological values. See Table
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Figure 3.2: Voltage and current time series from the simulated neuron. Only the first 100ms are
used for the estimation procedure. The current is measured in µA.

(3.1) for parameter values used in the data simulation and the search range used in the parameter

estimation for conductances and membrane capacitance. The estimation of parameters and the

three unmeasured states is conducted using data from 1001 current and voltage time points from

0ms to 100.1ms. See Figure (3.2) for data.

3.2.1 Applying Optimization to NaKL Parameter Estimation

For the analysis and parameter estimation from the NaKL simulated data, time points

[0ms,100.1ms] were used. The variational annealing method was applied beginning in such a

way that the model precision was increased by a factor of 1.5 at every iteration. In other words,
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Table 3.1: Parameter values used for data simulation and model fit. Chosen values are within
biologically realistic ranges and fit commonly accepted values. Left hand table contains
fixed ion channel parameter values used for data simulation and model fit. Right hand table
contains cell dependent parameter values (maximal conductances and capacitance) used for data
simulation and lower and upper bounds for the optimization procedure used for model fit.

Parameter Value
ENa (mV ) 50
EK (mV ) −77
EL (mV ) −54
θm (mV ) −40

σ−1
m (mV−1) 0.0667
tm,1 (ms) 0.1
tm,2 (ms) 0.4
θh (mV ) −60

σ
−1
h (mV−1) 0.0667
th,1 (ms) 1
th,2 (ms) 7
θn (mV ) −55

σ−1
n (mV−1) 0.03333
tn,1 (ms) 1
tn,2 (ms) 5

Parameter Value Lower bound Upper bound
g′Na (mS/µF) 120 0 200
g′K (mS/µF) 20 0 100
g′L (mS/µF) 0.3 0 10
C−1 (1/µF) 0.8 0 10

R f = R f ,01.5β where β is the iteration number. The only data presented to the optimization

routine was the voltage time series data. Due to the high level of coupling in Equations (3.3)-(3.4),

the information present in the voltage time series is sufficient to generate a smooth enough action

surface that only one action minimum or probability maximum is discovered.

As in the case of L = 7, D = 11 of the Lorenz ‘96 model when we see a single action level

appear during the annealing process, there is only one unique prediction level as well. If we were

to attempt to estimate and plot the probability distribution given by P(X,p) = e−A(X,p) we would

expect to see a similar single dominant narrow peak as in the L = 7, D = 11 Lorenz ‘96 example.

We choose the path with the lowest prediction error to analyze. Figure (3.4) compares

the data to the estimation determined through VA as well as the prediction from this estimation.

Though the prediction appears visually very near to the time evolution of the data, the MSE of

this path is on the order of 100.
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(a) Action level plot. The red line represents the
expected value of the Action for the path in which
the model error term approaches zero. The path
discovered by VA asymptotes to this value.

(b) Normalized prediction error plot. Note the large
value of the prediction error. Measurement noise is
additive normally distributed 3mV noise in this ex-
periment, while the prediction error is much higher
due to the structure of the time evolution of voltage.

Figure 3.3: Action and Mean Square Prediction Error as a function of annealing step. In this
system, only one level exists in each plot, implying a single probability maximum.

Unlike in the Lorenz ‘96 model, this dynamical system is not chaotic and therefore we

expect to see that the prediction MSE does not grow significantly with the length of prediction as

it did in the Lorenz ‘96 case. What we see in Figure (3.5) is jumps in the prediction error as a

voltage spikes occur. These jumps in error lead to the large MSE found in Figure (3.3). This is

due to the fact that voltage spikes are high frequency and high amplitude events. Small errors in

initial conditions may generate timing errors in the voltage spikes that in turn generate very large

errors. When these errors are entirely timing errors, you see a negative error followed directly by

a positive one for a delayed spike or a positive error followed by a negative one for a preemptive

spike. Since the MSE is calculated by squaring the error at each time point, a timing error in the

spike may cause very large MSE values even if the time series visually appears to match the data.

Due to this property of the voltage time series, Mean Square Error is likely a poor metric for error

in this system. To compensate for this, the lowest error paths chosen as the center of the random

search described in the next section were visually inspected to determine plausibility.

To plot the probability distribution and approximate the expectation values of the parame-

45



Figure 3.4: In the top plot we display a comparison between the voltage data and the voltage
estimation and prediction in turn. Data is in black, estimation is in blue and the prediction is in
red. The lower plot contains the driving current for the voltage.

ters of motion and any other path variables, we apply the SMC method developed in the previous

chapter.

3.2.2 Applying Strategic Monte Carlo to NaKL Parameter Estimation

Following the optimization procedure we search in regions of high likelihood to determine

parameter estimates and the model sensitivity to these parameters. The center of the search and of

Pbias is chosen as the path and parameter estimates leading to the smallest MSE in combination

with visual inspection of the predictions. The path providing the worst prediction is chosen

similarly and determines the width of the search constraint. The search is completed with 100

walkers, 1000 burn-in steps, 500,000 search steps, and every 40 accepted paths were saved for

analysis. Due to the non-chaotic nature of the system we have chosen to use fewer walker steps
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Figure 3.5: The top plot shows a comparison between the predicted path arising from estimates
chosen from VA and the data. The lower plot demonstrates the contribution of each time point
to the prediction error in the red line while the cumulative error (scaled by a factor of 5 for ease
of visibility) is displayed in the shaded region.

than in the Lorenz ‘96 example as we expect a smoother probability distribution.

The results of the search are surprising and as follows. When the probability distribution

that results from SMC analysis of the data is projected down into 1−dimensional space for

each individual parameter, we see approximately two distinct peaks separated by nearly zero

probability regions. The expectation values and standard deviation of leak conductance and

capacitance of the cell, g′L and C−1
m , overlap with the true values of these parameters used for the

simulation of the data. The ion conductance estimations, on the other hand, do not overlap with

their true values.
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The structure of the projected distributions in Figure (3.6) look very much like a sum of

delta functions as there are very low probability regions separating the rapidly decaying peaks.

Due to this structure, it might be more plausible to treat the probability distribution as one of a

superposition of two likely states in which each distinct state satisfies the equations of motion but

the mixed state does not. In other words, the resultant probability distribution plots imply that

Laplace’s approximation, in which the most likely state is taken to be the estimated value, is the

appropriate approach. In this case we would examine the local probability maxima separately

instead of calculating the expectation value.

Since we cannot display the probability distribution function in the 4−dimensional space

of all the parameters we searched, we look at projections of the probability onto the g′Na,g
′
K−plane.

This particular choice was made after an examination of the cross-correlations of estimated param-

eter values. The estimation for the two ion conductances were highly correlated, so theis particular

plot would be more information rich than any other 2−dimensional projection. Additionally,

these two particular parameter values are related to more interesting terms in the equations of

motion. See Figure (3.7) for the 2−dimensional projection of the probability distribution. As

can be infered from the 1−dimensional projections in Figure (3.6), the 2−dimensional projection

contains two local probability maxima that rapidly decay.

Several identical SMC experiments were run on the NaKL data to determine the stability

of the procedure. In each incident, the location of the local maxima were the same but their relative

heights changed between experiments. Though one would expect the higher probability peak to

produce better estimates and predictions, in Figure (3.7) the lower amplitude peak produced better

estimation of the voltage trajectory during the analysis window. The true relative values of the

peak amplitudes may be poorly estimated due to the sharpness of the peak relative to the flatness

of the probability distribution in the rest of parameter space. To better estimate the relative heights

of these maxima future work may implement adaptive random walk methods which are better

suited to surfaces in which both large and small gradients exist. Such methods should provide a
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Figure 3.7: 2−dimensional projection of NaKL probability distribution determined by SMC
onto g′Na,g

′
K−plane. Local maximum is chosen for parameter estimation due to the rapid

decay of the distribution. Width of the local maximum is used to approximate the error in the
estimation.

more stable estimate of the structure of the probability maxima.

Though the rapidly decaying local maxima found by SMC do not overlap with the true

values for the parameters, we can show that these estimates are a similarly viable set of parameters

for the data used in the analysis. If the parameter estimate values in Table (3.2), chosen to be the

location of a local maximum of probability, are used to simulate the neuron behavior, using the

initial state conditions at the beginning of the estimation window chosen by VA, the estimated

and predicted time evolution of the measured state variable is nearly identical to the measured

time evolution. The plot in Figure (3.8) demonstrates the degeneracy in the dynamics between

the true values and those found by SMC.

It is unclear why the true or correct parameter values are not found through the random

walk nor why the degenerate parameter values are not found by VA, but it is interesting that a
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Table 3.2: NaKL parameter estimates as found by SMC. These correspond to the lower peak in
the distribution shown in Figure (3.7) and were chosen due to their better quality fit compared to
the other peak.

Parameter True Value SMC Estimate
C−1 ( 1

µF ) 0.8 0.43
g′L (mS

µF ) 0.3 0.17
g′Na (mS

µF ) 120 47
g′K (mS

µF ) 20 8

degenerate solution that produces equivalent behavior in the estimation regime was found. Future

work may focus on understanding why the true values of the parameters (those used to generate

the data) were not found through SMC while a different, degenerate set of parameters was.

3.3 Discussion

There are several interesting conclusions that can be made from the analysis in this chapter

related to both the definition of the Action and properties related to the system itself. These

conclusions may also guide the direction of future work as they open up new questions.

Figure (3.5) demonstrates that the mean square error may be a poor choice for an error

metric due to the fact that its largest contributions are the spike events while low frequeny regions

influence the total MSE value minimally. The mean square structure was chosen because it is

identical to the measurement error term in the definition of the Action in Eq. (1.19). This implies

that the chosen structure for the Action and thus the probability distribution may be non-ideal. As

the Gaussian structure chosen for the model and measurement terms was chosen arbitrarily for

simplicity of calculation, it may be prudent to explore the effect of using other approximations

for the delta function in future work on this analysis.

This choice in Gaussian structure for the Action may also contribute to the inconsistency of

the relative heights of the two probability maxima determined through multiple attempts of SMC

and the inability of SMC to locate the probability maximum found through VA corresponding
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Figure 3.8: Comparison plot of simulated Voltage data and simulation using SMC resultant
paramters. The noisy black curve is the data, the blue curve is the trajectory generated by the set
of parameters at the local maximum of the probability distribution as determined by SMC and
compared to the voltage trajectory within the estimation window, the red curve is the trajectory
generated by the same SMC parameters and compared to a portion of the time trajectory not
used for estimation.

to the ‘true’ parameter values. Because of the Gaussian structure of the Action the resultant

surface shown in Figure (3.7) contains two very narrow and sharp maxima separated by flat

regions. Such surfaces are difficult to explore thoroughly with a random walk Monte Carlo as

there is no gradient information in the flat regions to guide the walk toward probability maxima.

Additionally the ideal step size for the flat regions is significantly different from the step size

which would most efficiently and accurately search and estimate a narrow and sharp peak. For

this reason, adaptive search methods in which the local gradient dictates the size step size of

the search in that region may be best for neuron models. As the Gaussian structure was chosen

arbitrarily and may be a poor choice in approximating the error, as previously discussed, SMC

analysis using different Action strucutres may improve the likelihood of finding a local probability

52



maximum that corresponds to the set of parameters used to simulate the data. Though adjusting

the search method and the definition of the Action may provide accurate results, the preliminary

ones presented in Figure (3.7) validate assumptions made in previous optimization work on

neuron models: that the probability distribution contains sharp and narrow local maxima and

that the Laplace approximation is appropriate and valid when estimating the values of model

parameters.

Since a different and degenerate set of parameters were discovered through SMC that

were not found using VA, future work should involve determining which methods can be used

to distinguish between two local probability maxima, particularly in the case of the distribution

being a superposition of several distinct delta functions. One possible avenue of research would

be to study the effects of varying the driving current on the structure of the probability distribution.

As the driving current determines where in state space around the attractor the neuron resides, the

choice of this driving current may be important in providing enough information to determine the

shape of the attractor and the model parameters that generate the measured trajectory.
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Chapter 4

Machine Learning as an application of

Data Assimilation

Machine learning (ML) is a field of study in which computers learn to make various

decisions without explicitly coded learning rules. The machine is trained on a set of data with the

goal being to learn correlations or properties of that data by adjusting internal parameters to best

fit with the data. Once it has ‘learned’ and its internal parameters are set, it is tested on new data

from the same set to determine if it has correctly tuned itself to the data. Machine learning can be

applied to many types of problems, but this chapter will focus specifically on machine learning

as applied to problems of catagorizing data. One such categorization problem is discerning the

appropriate labels for a set of images. For example, you may have a data set of images of pets

and you want the machine to learn to label a presented image as “bird”, “dog”, “cat”, or “fish”.

There are two main types of machine learning: Supervised and Unsupervised learning

[11]. Supervised learning involves presenting the machine with an input and an output data pair

during training. For example the data presented to the machine while it learns may consist of

several images of each type of pet and the label associated with those images. After training

is complete an unlabeled image is presented to the machine and its response is compared to
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the correct label determined by a human “examiner”. Unsupervised learning does not involve

presenting the machine with appropriate labels for images during the training period. This type

of learning relies on the machine’s ability to determine characteristic features for the images,

place each image in feature space, and split the feature space in such a way that the boundaries

minimize the volume of a cluster of images in features space. Only supervised learning will be

addressed here.

This chapter will focus on the parallels between DA and ML. Methods from DA will be

applied to a toy problem to show proof of concept and to a classic ML problem to demonstrate

feasibility. Both examples demonstrated in this chapter will be of supervised learning of labels

of image data. The machine will be presented with a set of grey scale images in the form of

an array of pixel intensities and a set of corresponding labels. For a system with DL labels, the

labels are in the form of a one dimensional array of length DL. Label arrays consist of DL−1

zeros and one non-zero value. The non-zero value corresponds to the category of the matching

image. For example, if two labels are needed to describe the data, the labels would be
(

1
0
)

and(
0
1

)
. The goal of the learning process of ML is to adjust the machine parameters in such a way

that the machine output, given by the transformation of the image input data by the underlying

machine equations, matches the desired output, the labels. Before diving into the details of the

mathematical comparison between ML and DA, we will present a short description of a current

ML method.

4.1 Deep Learning

Deep learning is one method through which machine learning is accomplished. In this

method a network of nodes is created that connect the input to the output. Individual nodes accept

a numerical input and generate a numerical output. Assempled in the achitecture of the network,

the nodes jointly represent a transition function fron input data to the network output, typically

55



estimated label values.

A common architecture for in deep learning is a layered network of nodes [7]. The first

layer, called the input layer, receives the data as its input and thus is the same size as the presented

data. The final layer of the network, called the output layer, produces the final result of the

network: an estimated label associated with the data presented at the input layer. Between the

input and output layers there may be one or more ‘hidden’ layers, so called because their behavior

is not seen by the researcher nor is it directly affected by the data.

Each node’s behavior is governed by an ‘activation function’, or a function that defines

the output, or state of the node, given an input. The input of a node is a linear combination of a

subset of the other nodes in the network. The structure of the network determines the details of

this linear combination. We focus only on ‘feed forward’ networks in which the input of a node

in one layer is a weighted linear combination of the states of the nodes only in the layer directly

before it. There is no direct coupling between nodes in the same layer or feedback from a layer to

another ‘behind’ it. Mathematically stated, this is:

x(lF ) = F(x(0)) (4.1)

F(x(0)) =
(lF )

∏
i=1

F(i)x(0) (4.2)

x(i) = F(i)x(i−1) = f(i)activation

(
W(i−1) ·x(i−1)

)
(4.3)

The superscript represents the layer in the network and the length of the x(i) vectors

depends on the size, lH(i), of the corresponding layer. Superscripts range from 0 to lF implying

lF +1 total layers in the network. We define x(lF ) as the output, or state, of the final layer of the

machine and x(0) as the state of the first layer of the machine. The state x(0) is equivalent to the

input to the machine.

The matrix, W(i−1) is a lH(i)× lH(i−1) matrix of correlation strengths between the nodes
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of the i− 1’th and the i’th layers of the network. Within this matrix, the ( j,k) element is the

weight of the connection from the k’th element of the i−1’th layer to the j’th element of the i’th

layer. The inner product in Eq. (4.3) is carried out using traditional matrix multiplication.

We define F(i) as the matrix operator that applies the activation function, f(i)activation on

the weighted sum of the state i−1’th layer to generate the state of the i’th layer. The range of

f(i)activation is typically chosen to stay within the range of values [0,1] so that an increasing the

number of hidden layers does not produce a corresponding increase in the magnitude of the

network output. We define the activation function in such a way that it is applied element-wise to

the vector produced by the matrix product between W(i−1) and x(i−1).

The main premise of deep learning is that any function, F, can be described by a composi-

tion of continuous, nonlinear f(i)activation functions given enough hidden nodes [6, 15]. To this end,

deep learning networks are generated with as a large a number of layers as can computationally

be achieved. The problem then becomes tuning the values of W(i) and the parameters of f(i)activation

in such a way that the overall function F fits the data. Once the parameters are properly fitted to

the data, the network is fixed and tested on new and previously unused data. The output of the

network is compared to known labels to determine the quality of the W(i) estimates.

Traditionally, in the field of machine learning, the parameters of the network are tuned in

such a way as to minimize a cost function:

C =C
(
ylabel−F(yimage)

)
(4.4)

Where, consistent with the notation in the rest of this thesis, y is the measured data and

F is the function defined in Eq. (4.1). The cost function is solely a function of the difference

between the label data and the estimated network dynamics applied to the image data. There are

many forms of this cost function; a common and familiar one is the Gaussian cost function which

takes the form
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C =
(
ylabel−F(yimage)

)2 (4.5)

In both Eq. (4.4) and Eq. (4.5), the model is strongly constrained. As with the dynamical

systems examples in previous chapters, this high dimensional, strongly constrained cost function

is very difficult to impossible to minimize. Additionally, it is unlikely that without some prior

knowlege of the structure of F the arbitrarily chosen network structure and the linear combination

of activation functions is sufficiently flexible to describe every necessary transformation, F, from

image to label. To facilitate the minimization of the cost function defined with the nonlinear

constraints of the neural network structure and to account for the errors that will exist due to poor

model choice we apply methods of annealing in the generation of weight matrix estimates that

best fit the provided data.

4.2 Layer to Time equivalence

4.2.1 Defining the Network

We begin by proposing a network made up of lF layers in which each layer has the

same number of nodes, D. We set the connectivity of the network as all-to-all between a layer

and its subsequent layer. The parameter values at each layer may vary, but the structure of the

transformation function is conserved from layer to layer. Mathematically this implies that the

f(i)activation in Eq. (4.3) are not explicitly dependent on i

x(i) = F(i)x(i−1) = factivation

(
∑

j
W(i−1) ·x(i−1)

)
(4.6)

x(i) = factivation

(
∑

j
W(i−1) ·x(i−1)

)
(4.7)

58



In Eq. (4.7) we have simply transformed the notation for parameter and state variables

from a set of lF −1 discrete weight matrices and lF state vectors to a notation in which there is

only one layer dependent weight matrix and state vector. Eq. (4.7) is equivalent in form to a

difference equation for a dynamical system where i is the ‘time’ variable and the parameters of

motion, W, are ‘time’ dependent.

A generalization that is made in the machine learning framework that does not often exist

in the classical framework is that the length of the state vectors x may be time/layer dependent.

In machine learning, the length of the state vector x(i) denotes the number of nodes in the i’th

layer of the network. When the length of x(i) is not constant, the matrix W(i) is not square. The

creation or elimination of “states” as a function of layer in an artificial neural network is not new

and may be thought of as analogous to the change in number of states of a dynamical system due

to the creation or annihilation of particles. See Figure (4.1) for an example of the structure of

such a network with varying layer size.

Because the learning phase of ML consists of finding values of W(i) which satisfy the

difference equation given some data on the boundaries, ML is analogous to the two point boundary

value problem solved previously in this dissertation [2]. As in the dynamical systems case, the

cost function in Eq. (4.5) is difficult to estimate and the model chosen in Eq. (4.7) may be

insufficient or incorrect to properly describe the dynamics of the system. For these reasons we

relax the constraints and allow

x(i) = factivation

(
∑

j
W(i−1) ·x(i−1)

)
+ηηη(i) (4.8)

Here ηηη(i) is once again stochastic error in the model equations. We may generalize the

Action used in previous chapters, defined in Eq. (1.19) to this situation
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j = 3
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j =
lH(i)−1

Input Data Network Output

i = 0

0 < i < lF

i = lF

Figure 4.1: Diagram of the feedforward network described in Eq. (4.2.1). Node and layer
indices match the notation used to define the weights and the cost function. Middle layer
represents lF −2 hidden layers with the same all-to-all, feedforward connectivity as shown.

A({x} ,
{

W
}
) =∑

i

R f

2

[
x(i)− factivation

(
∑

j
W(i−1) ·x(i−1)

)]2

+
Rm

2
[
(x(0)−yinput)

2 +(x(lF)−yout put)
2] (4.9)

As previously, the terms squared in Eq. (4.9) are taken to be a vector inner product. In the

ML situation, the independent variable, s, is now replaced by the layer number, i. The Rm term is

equivalent to the one seen previously in the dynamical systems case for the situation in which

data only exists at the boundaries. An example of a dynamical system in which only the boundary

60



values of the states of interest are measured can be found in the paper by E. Armstrong, et al on

flavor evolution of neutrinos [4]. As before, R f refers to inverse square of the standard deviation

of ηηη(i), Rm refers to the inverse square of the standard deviation of the measurement noise, and

the limit of R f → ∞ is equivalent to the strong constraint version of this problem defined by Eq.

(4.5). Utilizing variational annealing, we begin with an unconstrained optimization such that

R f = 0 and slowly enforce the constraints by increasing the value of R f .

If the network is able to generate the transformation from the input to the output and

an appropriate set of weights is discovered, the value of A will plateau to the value of the

measurement noise at high R f . This assertion and the use of the Action in determining the ability

of the estiamated weights to generate the necessary transformation is based on the equivalence

between the ML problem and the dynamical systems one solved in previous chapters and will be

demonstrated later in this chapter.

4.2.2 Action Normalization

Given some set of data we wish to determine a set of network parameters and a network

model based on the assymptotic Action value with the increase of R f . If we analyze a set of

data using several varying neural networks the Action defined in Eq. (4.9) must be properly

normalized to allow for direct comparison between the performance of different networks.

We assume for a specific classification problem that the input and output layers are fixed

due to fixed image and label size. If we wish to relax this constraint within a problem type, the

second term in Eq. (4.9) would scale additionally with the size of the input and output layers.

In contrast, within a single classification problem the size of the hidden layers can

drastically vary without changing the structure of the data. Due to this, we must take into account

the scaling of the Action with the size of the hidden layers. Each element of the first sum in Eq.

(4.9) scales with lH(i), or the size of the layer over which the model is compared to the state

estimate. Rescaling the R f value will not affect the results of optimizing the rescaled Action
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through an annealing method because the magnitude of the model error term with respect to the

measurement error term varies during variational annealing and because when an ideal minimum

is found such that the model perfectly fits the state estimates, the Action becomes independent of

the size of R f . We can rewrite Eq. (4.9) in the following way

A({x} ,
{

W
}
) =∑

i

R′f (i)

2lH(i)

[
x(i)− factivation

(
∑

j
W(i−1) ·x(i−1)

)]2

+
Rm

2
[
(x(0)−yinput)

2 +(x(lF)−yout put)
2] (4.10)

Here we define R′f (i) ≡ R f lH(i). It is plain to see that the value of the Action has not

changed. We now characterize the method through which R f can be increased by defining

R′f (i) = R f ,0(i)αβ (4.11)

For R f to increase, α must be a number greater than one and we define β as the iteration

in the annealing procedure.

The expression

1
lH(i)

[
x(i)− factivation

(
∑

j
W(i−1) ·x(i−1)

)]2

(4.12)

defines the average error per node in the i’th layer. To directly compare two networks with

different sized hidden layers the value of R f ,0(i) chosen depends on the size of the hidden layers.

But because the value of the Action becomes independent of R f at sufficiently high β value, the

annealing procedure may be run on both networks until they have each reached assymptotic

Action values. Due to the assymptotic behavior of the Action at high R f values and the expression

in Eq. (4.10) of the Action with respect to the average node error it is now possible to compare

the the Action for networks with different layer sizes directly.
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The relative values of R′f ,0(i) in each layer are arbitrary. Setting the
R′f ,0(i)
lH(i)

to a constant

value for all i will enforce the model on average equally over all nodes because the model error

term from a single layer depends only on its average value. Setting R′f ,0(i) to a constant will

enforce the model in such a way that errors in larger layers are more heavily penalized than errors

in smaller layers by a factor given by the layers’ relative sizes because the layer’s contribution to

the model error term of the Action is the total error within that layer.

4.3 Image Recognition

Images can be thought of as comprised of a combination of a set of basis ‘features’. These

features may be colors, curves, edges, or corners and depend on the set of images being studied.

To properly categorize an image it must be transformed into feature space. To allow for a useful

mapping the size of the hidden layers must be equal or larger to the dimension of the feature space.

For experimental data and non-simulated images the dimension of feature space is impossible

to determine prior to testing a network and determining the smallest network able to produce

accurate labels subsequent to the learning stage. In Deep Learning the network is structured to

have as many layers and as large of layers as computationally possible. This expands the input

data into a very high dimensional space within the hidden layers before projecting back down

into the dimension of the label. Once the dimension of the hidden layers excedes that of the

feature space, additional information cannot be extracted from the images and the accuracy of

the network predictions will stabilize. The practice of setting the hidden layer size to the largest

feasible value ensures that the minimum dimension of the hidden layers is met, though comes

with additional computational costs.

This chapter will explore the quantitative effects of network size on weight matrix estima-

tion and label prediction quality. The Action will be proposed as a possible metric for adaptively

tuning the size of the network to optimally balance computational efficiency and accuracy.
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4.3.1 Multiple Data Points

Each image is the input of the network while the label is the desired output. The image

is presented to the network as a flattened array of pixel values. As each image only contains a

fraction of the possible features that the network must be able to distinguish, it is necessary to

train the network on an ensemble of images sampled from the database. This ensures that the

network has been presented with at least one, but ideally more than one, example of every feature

it must be able to map. As the researcher does not know a priori what the feature space is, it

is common to train on as many images as possible. Typical numbers of images presented to a

network in machine learning are on the order of several thousand [26]. Due to computational

constraints and the efficiency of Variational Annealing, this chapter will be dealing with smaller

numbers.

The network is presented with a large, M-element, set of images with their corresponding

labels. The Action defined in Eq. (4.9) allows for only one label-image pair. We want to find a

single network, and thus a single set of weights, that fits all label-image pairs within the data set

simultaneously. We take advantage of the fact that the Action is the log likelihood and that a joint

probability of two independent data points may be determined simply by multiplying them.

P
(
{x}m,

{
W
})

∝ e−A({x}m,{W}) (4.13)

P
(
{{x}0, . . . ,{x}M} ,

{
W
})

=
M

∏
m=0

P
(
{x}m,

{
W
})

(4.14)

P
(
{{x}0, . . . ,{x}M} ,

{
W
})

∝ e−∑
M
m=0 A({x}m,{W}) (4.15)

A
(
{{x}0, . . . ,{x}M} ,

{
W
})

=
M

∑
m=0

A({x}m ,
{

W
}
) (4.16)

The m subscript in the above equations corresponds to a specific label-image pair. The

weights do not have an index over the data pairs because we wish to find a single network that is
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capable of transforming the input data into the appropriate label for all elements of the data set.

The minimization of the Action in Eq. (4.16) occurs in the space of all {x}m and
{

W
}

. When

the set of weights is chosen such that the Action is minimized and the R f (model error) term

approaches zero, the Action simplifies to the sum of the Rm (measurement error) terms in Eq.

(4.9) over all data points. At this point the Action should be equivalent to the expectation value of

the noise in the image recording.

To allow for the number of label-image pairs to grow without overwhelming the calcula-

tion, we scale the Action by M. The location of the minimum of this new Action shown in Eq.

(4.17) will be the same as the one in Eq. (4.16).

A
(
{{x}0, . . . ,{x}M} ,

{
W
})

=
1
M

M

∑
m=0

A({x}m ,
{

W
}
) (4.17)

A
(
{{x}0, . . . ,{x}M} ,

{
W
})

=
1
M

M

∑
m=0

∑
i

R′f (i)

2lH(i)

[
xm(i)− factivation

(
∑

j
W(i−1) ·xm(i−1)

)]2

+
Rm

2
[
(xm(0)−ym

input)
2 +(xm(lF)−ym

out put)
2]

(4.18)

4.3.2 Examples

We present two sents of examples of image recognition using VA methods to minimize

the Action while training the network. The first example uses a data set of simulated images of

bars. These simulated images are 5x5 pixels in size and the single pixel wide bars are oriented

vertically, horizontally, or diagonally. Each bar passes through the center of the image. A ‘basis’

set of images was generated with the bar at pixel value 1 and the blank space at pixel value 0. The

noisy data was generated by adding 17% uniformly distributed uncorrelated noise to the basis

images and producing 8000 total examples of the four types of images. Figure (4.2a) contains a

representative sample of the images in this data set. Each image is labeled with the appropriate
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4 dimensional label vector: (1,0,0,0) for horizontal, (0,1,0,0) for diagonal from top to bottom,

(0,0,1,0) for vertical, and (0,0,0,1) for diagonal from bottom to top. The second example uses

a well known and common test set of handwriting samples, MNIST [25]. This data set contains

28x28 pixel images of handwritten digits collected from both high school students and government

employees. As in the bar data, the pixel value of images in MNIST ranges from 0 to 1 with 0

denoting blank space. Figure (4.2b) contains a representative sample of data from the MNIST

data set.

(a) A random sampling of the generated bar data.
This data contains 17% random uniformly dis-
tributed additive noise on top of the ‘basis’ images

(b) A random sampling of the MNIST data

Figure 4.2: Representative samples of both example data sets. The left panel contains simulated
data while the right panel contains data collected from writing samples.

In both examples, we set up a network with only three total layers. The first layer is the

input layer. Its size is governed by the size of the image being presented. The third layer is the

output layer and its size is governed by the number of labels in the data. The second layer is the

only hidden layer. In the following examples we explore the dependence of the Action and the

results on the hidden layer size, lH(1). For simplicity, because the input and ouput layer sizes are
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fixed by the structure of the data, and because we are only working with one hidden layer we will

drop the layer number argument in the size of the hidden layer such that lH(1)→ lH .

Simulated Bar Images

The data plotted in Figure (4.2a) is very simple. A complete subset of data must contain

at minimum 4 images, one of each type, to span the space determined by the ‘basis’ images.

Additionally, because of the centered nature of the images, it is sufficient to know the value of

only 3 pixels to be able to properly categorize an image. A noiseless image could be labeled

appropriately if, for example, only the top left, top center, and top right pixel values were known.

If the top right pixel had a value of 1 it would imply that the label should be (0,1,0,0), if the top

center pixel had a value of 1 it would imply that the label should be (0,0,1,0), if the top left pixel

had a value of 1 it would imply that the label should be (0,0,0,1), and if all of these three pixels

had a value of 0 it would imply that the label should be (1,0,0,0). If we have some level of noise

in the image generation, there is some threshold value that must be used instead of 1 to determine

the label. For example, if none of the top pixels are above the noise level, then we know that the

image is of a horizontal bar.

With such a simple set of images, feature space may be fully described in 3 dimensions

though there may be several unique transformations from image to feature space that are adequate

to properly characterize all images. If the minimum size of the network is correlated with the

dimensionality of the feature space which characterizes the set of images being studied, we would

assume that there would be a quantitative difference between the predictive capabilities of a

network with lH < 3 and lH > 3.

At each hidden layer size we optimized a network on 10 of input-output pairs. The value

of the Action at the largest R f value is plotted in Figure (4.3). As expected there is a qualitative

difference between the behavior of the Action at values smaller than lH = 3. Following the

training stage, we fix the network with the weights found through VA and present this new fixed
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Figure 4.3: Analysis of Bar Image data with M = 10 and variable lH . The Action drops
significantly in magnitude when there are 3 neurons in the hidden layer. This implies that when
lH = 3 we are able to find a set of x’s and W’s that generate an Action whose R f term is zero
and whose Rm term is dictated only by measurement noise. There is no significant difference in
Action value for networks with hidden layer sizes between lH = 3 and lH > 3

network with a test data subset. This data subset is drawn from the unused images in the original

set. The labels are hidden from the network. The output of the network is compared to the labels

to determine the error with which the estimated network labels the presented images.

It should be noted that during the training of the hidden network, Rm was set to 1. This

value of Rm implies that when the model is able to perfectly estimate the appropriate label,

and thus the R f term is zero, the value of the Action is expected to be equivalent to the average

measurement noise level in each image. This value should be the variance of a uniform distribution

of width 0.17, or on the order of 0.01. In Figure (4.3) you see that at lH = 3 the value of the

Action at the end of the training window drops from the expected value of 0.01 by several orders

of magnitude. We can show that this drastic drop in the Action value corresponds to a drop in

prediction error.

To compare the predicted label of new data with the true label, it is helpful to think of the
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predicted label as a probability. As there is nothing in the structure of the network that constrains

the sum of the node values in the output layer to be normalized, we apply a normalization function

in the form of an adjusted softmax function:

x′j =
ex j(lF )−1

∑ j(ex j(lF )−1)
(4.19)

The error is then calculated by taking a least squares error between the normalized output

of the network and the true label. This is averaged over a large number of test examples:

PELS =
1

Mtest · lH(lF)

Mtest

∑
m

(
x′(m)−y(m)

)2
(4.20)

The 1
lH(lF )

term is simply a scaling term over the size of the output layer. In all the plots

demonstrating prediction error there is a red line which indicates the expected error in prediction

if the weights in the network are randomly guessed.

Analysis of Figure (4.4) shows that the predictive capabilities of a network is highly

correlated to the Action value that this network produced. The relationship between Action

and prediction error appears approximately linear. Once the size of the network exceeds the

threshold value at which the Action drops, there is very little change in the value of the Action

with increasing size of hidden layer. Qualitatively the behavior of the prediction error as a function

of hidden layer size is the same as the behavior of the Action. The prediction error does not

significantly change as the size of the hidden layer increases past the threshold value at which the

network is capable of characterizing the full system.

It is important to note that the calculations leading to Figure (4.3) and Figure (4.4) used

M = 10 image-label pairs. Thus each image ‘type’ had at least two representatives within the

training data. When M = 2 and not every image ‘type’ is represented in the training data, we get

the plots shown in Figure (4.5). In this calculation, the Action appears qualititively to behave the

same way as it does when M = 10. Naively, one might assume that the prediction plot for M = 2
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(a) Least Squares Prediction Error vs Action. High Action leads to high predic-
tion error while low Action leads to low prediction error

(b) Least Squares Prediction Error vs Layer size. There is a very severe and
distinct drop in prediction error as the layer size exceeds the predicted necessary
size of the hidden layer (3 neurons)

Figure 4.4: Analysis of Bar Image data with M = 10 and varying lH . The relationship between
Action and least squares prediction error suggests that the Action may be used as a metric for
deciding the appropriate network size. Error is calculated using a least squares method after a
modified softmax is applied to the output of the network. A horizontal line shows the expected
error from a randomly guessed network.
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(a) Qualitatively similar plot to Figure (4.3) of the
Action versus hidden layer size where the machine
was presented with 10 example images.

(b) Unlike the M = 10 case, the M = 2 vase shown
here has no Variation in Error as Action changes

(c) In the M = 2 case here the network size has no
effect on error, unlike in the M = 10 case.

Figure 4.5: Analysis of Bar Image data using 2 example images and varying the number of
hidden nodes. These example images did not cover all of the ‘types’ of images that we wish to
be able to characterize. Horizontal red line represents the expected prediction error for random
guessing. The Action value plot does not look different from the M = 10 case shown in Figure
(4.3), but the prediction never drops below random guessing.
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would similarly mimic the prediction plot for M = 10. This assumption is incorrect. The M = 2

Action approaches the same assymptote as the M = 10 because the network is able to tune the

weights to fit the two training examples perfectly. If the network is then tested through predictions

on images that only fall into the ‘types’ on which this network was trained, the prediction error

would follow the same pattern as in the M = 10 example. The large prediction errors in the

M = 2 example appear when trying to characterize an image type that the network has not yet

seen. Thus it is vital when training a network on data that the full space of the data is presented

to the network while estimating the weight values. Choosing an appropriate amount of data is a

responsibility left to the researcher as the network itself can not be used to inform whether feature

space is sufficiently represented. A simple test in the supervised learning regime is to make sure

that the training data consists of at least one or more of each type of image and that the labels in

the training data consist of all possible labels.

MNIST Data Set

The second set of data that VA inspired machine learning methods were applied to is

the Modified National Institute of Standards and Technologies (MNIST) database. This is a set

of handwritten digits collected from American Census Bureau employees and American high

school students. The original data set used the Census employees’ samples as a training set

and the high school students’ samples as a test or validation set. This was unsuccessful as it

appears that there is more variation in high school students’ handwriting than in the handwriting

of government employees. The creators of the MNIST data set took the unmodified set and

reshuffled the samples [25].

There are many different neural network structures and methods for minimizing the cost

function in the field of machine learning. A common thread among neural network training done

using MNIST data is that the full 60,000 image training set is used to tune the parameters of

the network. The tuned network is then tested on 10,000 test images. Such analysis typically
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acheives an error on the order of 1%. The error here is calculated by counting the number of

times the tuned neural network assigns an incorrect label to an image. Many methods of training

neural networks on MNIST data additionally take advantage of preprocessing techniques which

improve the quality of the characterization.

The analysis presented in this thesis will not train on the full training set of 60,000 images.

Additionally, the analysis presented here includes no preprocessing or filtering of the images. Due

to this, the results are not expected to perform at the same level as the more successful current

methods. Instead the following results demonstrate a new metric, the Action, which may be used

to tailor the structure of the neural network and determine the optimal network for prediction

prior to running any predictions. The ability to adapt the structure of the network through the use

of the Action is desireable in future work where the labels for new data for which predictions are

generated are unknown to the researcher.

As mentioned previously, when the network model constraints are enforced through the use

of VA and the weight estimates approach the correct values, the Action approaches a value given

by the expectation value of the Rm term of Eq. (4.18). For computational ease, we set Rm = 1 and

thus expect the Action to approach a value equal to 1
2〈(x(0)−yinput)

2 +(x(lF)−yout put)
2〉= σ2

2

where σ is the noise in the image and label data. When choosing the weight matrix, W, to generate

predictions, we utilize Laplace’s method by choosing the W that produces the lowest Action and

thus the highest probability. This method requires that the lowest Action level be significantly

smaller than the next lowest to be valid. For this reason it is very important to know the expected

noise value, σ, so that we may estimate the expected value of the Action and determine whether

there is sufficient separation between Action levels to use Laplace’s method to estimate W.

Because the MNIST images are real images of handwritten digits it is difficult to determine

the value of σ. The measurement noise that arises from error in the scan is minimal. This can be

confirmed by determining the variance of the pixel value in the ‘blank’ regions of the image. In

addition to the noise incured from copying the images, there is some noise due to the variation in
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a specific digit drawn by different people. Not only is there variation in the shape and orientation,

but the width of the strokes may vary based on the pens used and the pressure applied. This type

of noise is difficult to characterize quantitatively. At first approximation we characterize the noise

by taking a histogram of pixel values present in the images and approximating the width of the

peak at zero. In a sense, this is the approximation of the additive noise on the blank regions of the

images.

Figure 4.6: Histogram of all pixel values in MNIST data set. The maximum near pixel value
of zero represents the blank regions of the images while the maximum near pixel value one
represents the regions in which the digit is drawn.

There are two maxima in the histogram shown in Figure (4.6). The first occurs near pixel

value zero while the second occurs near pixel value 1. The width of the first maximum represents

the variation in the pixel value on blank regions of an image. this can be used to estimate the

additive noise incured during the collection of these images. As demonstrated in Figure (4.6) this

additive noise is particularly small. Additionally, the output data or labels have exactly zero noise

74



as they are perfectly assigned to the images. This combination of factors leads to a very small,

approaching zero, expectation value for the Action. This is demonstrated in the results presented

in the following seection.

MNIST - 20 Examples - all 10 digits

We first test the VA based machine learning procedure using M = 20 image-label pairs.

This is an insufficient number of examples to characterize the full set of digits as there are on

average only two versions of each digit. Prediction error was calculated using the expression

shown in Eq. (4.20) with Mtest = 500. The test data used for predictions was approximately

evenly distributed around all 10 possible digits. The resultant plots are shown in Figure (4.7).

Though there is some decrease in the prediction error as a function of layer size, there

does not exist the same drastic change in prediction error with Action level decrease as is seen in

Figure (4.4). The weak response in the prediction plot is most likely due to a insufficient quantitiy

of information presented to the network, analogous to the M = 2 bar data example in which not

all types of bar images in the previous section were presented.

MNIST - 100 examples - 2 digits

We now focus on a subset of the MNIST data that we call MNIST-lite. This data consists

of images of only 1’s and 7’s. These particular digits were chosen because of their visual similarity.

The decrease in dimensionality of the output data allows the network used for the training to

contain fewer weights and decreases the computational difficulty of the problem. In addition to

looking at a subset of the data, we have adjusted the data in such a way that the mean pixel value

of each image is zero. This was done primarily as a method to stabalize the numerical results

of the VA method due to the chosen form of factivation, a sigmoid function centered at zero. As

a secondary result, this shift in pixel value causes the distribution over all images around the

minimum pixel value to widen without changing the distribution over each individual image.

We present a varying M number of examples of 1’s and 7’s to the neural network with
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(a) Action as a function of lH for MNIST data with
M = 20. There is a drop in Action as the hidden
layer increases

(b) Prediction error as a function of Action for
MNIST data with M = 20. Prediction error and
Action level appear to be highly correlated.

(c) Prediction error as a function of lH with M = 20.
Error drops slightly below random guessing with
layer size increase. High error is probably due to
low M value

Figure 4.7: 20 examples for MNIST training, varying hidden layer size, all 10 digits presented
to network for analysis. Prediction error averaged over 500 test examples. Horizontal red line
represents error expected if predictions are made through random guessing.
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Figure 4.8: Distribution of pixel values for MNIST-lite. The mean pixel value of each image
was subtracted from the image data of the corresponding image to generate a set of image pixel
matrices with zero mean. This shift widens the distribution of pixel values in the blank regions
of the images without changing the information contained in the data set.

one hidden layer and once again vary the size of the hidden layer. Both the Action and error

are plotted as a function of the hidden layer size. In this experiment, the prediction error was

calculated as a binary classification error:

PE =
1

Mtest

Mtest

∑
m

PEm

PEm =

 0 if argmax(ym) = argmax(xm)

1 if argmax(ym) 6= argmax(xm)

(4.21)

With a single hidden layer, networks of all sizes produce very little variation in Action

level. The left hand plot in Figure (4.9) shows the mean Action level as a function of layer size

and M. Though the trend in Action as a function of layer size is as expected, there is no clear

separation between the Action levels to indicate which must be used in future predictions. As
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such, predictions were done on all the estimated networks and the mean prediction error was

plotted. The right hand plot in Figure (4.9) shows the results of this prediction analysis.

As expected the prediction error drops as the Action level drops with increasing hidden

layer size and amount of training data. Surprisingly, the lowest prediction error path does not

always correspond to the lowest Action level path. This may be explained by the fact that all

of the Action levels are extremely close in magnitude and Laplace’s approximation is no longer

accurate.

Additionally, the lowest Action levels are smaller in magnitude when compared to the

expected value of the Action for a good estimate. One estimate of the expected Action value can

be made by estimating the variance of the lower peak in Figure (4.8) which is approximately

10−2. Examination of Figure (4.9) shows that networks producing Action values on the order of

the expected value predict with high error, but paths in which the Action is significantly lower

than the expected predict with high accuracy. This is consistent with the results from the Bar

Image data shown in Figures (4.3) and (4.4).

Regardless of the issues mentioned above, the prediction accuracy for all estimates are

comprable to those found in previous analysis using M = 60,000 and significantly more complex

network structures. Vareational Annealing ML, at least in this simplified example of 2 digit

classification, performs on par with previously designed single hidden layer neural networks

which produce errors between 0.7% and 4.7% depending on the size, connectivity, and specific

method of analysis [26]. These previous results were achieved using 60,000 training examples

for all ten digits. This is 120 times the number of examples per image type as compared to

the analysis done in this thesis. Additionally, all previous results were accomplished with the

number of hidden neurons given by lH ≥ 300. In the results presented above, the mean prediction

error reaches a minimum values at around LH ≈ 10 for nearly all M values used. Though this

may in part be due to the lower number of digit types presented to the network, both the Action

and prediction error plots demonstrate that there is no value in arbitrarily increasing the size of
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Figure 4.9: Action and Prediction Error plotted as a function of hidden layer size. 100 training
examples of 1’s and 7’s. Mtest =10,000 prediction test examples. Single hidden layer.
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the network and the Action may be used while learning the full MNIST data set as a metric to

determine the optimal network size.

4.4 Discussion

The field of machine learning aims to solve a problem analogous to one which has

been well studied in dynamical systems. The arbitrary nature of the chosen networks in machine

learning problems necessitates the model error approximation that has been developed and utilized

in the estimation of states and parameters in dynamical system problems. The use of a model

error term in the estimation of the probability density function when searching for parameter and

state values in dynamical systems has been shown to improve estimates. The gradual enforcement

of model constraints on the neural network training set similarly allows for success in the discrete

machine learning problem.

In addition to success in training a substantially smaller set of data with comparable

predictability to previous results, the Action can be used as a metric to determine the quality of

prediction and the minimum necessary size of the network. Due to the mathematical definition

of the Action and from insight gained through dynamical systems research, we had expected

the Action in a ML problem to approach the measurement error for networks which predicted

future image labels accurately. Instead, Figure (4.9) demonstrates that a significant drop from the

A≈ σ2 corresponds to low prediction error. The difference in the relationship between Action

value and prediction error between dynamical systems and ML problems is unclear and may be a

direction for future research.

In the case of the simple bar graphs in which the necessary size of the hidden layer can

easily be approximated by hand as the number of pixels whose value must be known to properly

categorize the image, the Action and predictive capability of the network behave as expected:

both decreasing dramatically as the size of the network exceeds the necessary size. For the more
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complicated data set of MNIST images, the correlation between prediction quality and Action

value persists and the relationship between Action value and the dimension of the hidden layer

may be used to gain insight into the dimension of feature space of images in the training set.

Due to the correlation between the prediction quality and the Action value, further research

may explore additional methods through which the Action may be used as a metric to construct

and design the appropriate neural network for a given set of data.

This chapter has been adapted from the material submitted for publication in H. D. I.

Abarbanel, P. J. Rozdeba, and S. Shirman, Machine Learning; Deepest Learning as Statistical

Data Assimilation Problems, Neural Computation and contains work that will be prepared for

publication in the future in H.D.I. Abarbanel, G. Silva,S. Shirman, V. George, A. Gupta, Z. Fang,

P. Rozdeba, A. Ty and R. Gonzalez with permission from all authors and collaborators. The

dissertation author was a coauthor and collaborator in both works.
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Appendix A

Final Notes

This work approached the question of transferring information from collected measure-

ments through a mathematical model of the system to unknown state trajectories and parameter

values with the ultimate goal to characterize the model and successfully predict the future tra-

jectory of all states in the system of study. Methods of information transfer can be applied

across many fields to problems in which the goal is to extract information from available data to

unmeasured quantities that are coupled to the recorded quantities through some mathematical

expression. Two such problems, the estimation of parameters and states in a dynamical system

and the estimation of machine weights necessary to accurately label categories of images, were

presented in this thesis demonstrating the broad application of these methods.

On the topic of dynamical systems parameter and state estimation, a computational

method called SMC was presented to address the shortcomings of prior DA methods including

strong constraint methods such as MLEF and Kalman filtering and optimization methods such as

VA [39, 16, 37]. The model error term in the Action, adapted from VA methods, accounts for

stochastic variation in the time evolution of model states as well as errors in the mathematical

formulation of the model while the use of a random walk around regions of high likelihood

extract additional information not gained through optimization methods about the structure of the
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probability distribution and the error in estimates made through the optimization DA methods.

Though previous work applying Monte Carlo methods to sampling dynamical systems while

allowing for model error generates acceptable estimates of parameter and state trajectories and

their higher moments [21], attempting a random search over all state and parameter space becomes

computationally intractable as the dimensionality of the problem increases. Informing and

constraining the search to regions suggested through optimization methods while simultaneously

using VA optimization methods to determine the correct level of model constraint addresses the

shortcomings of DA methods with strong model constraints, optimization methods, and random

walks which search over the full state and parameter space.

A random search over a high dimensional space, particularly when the probability density

function is correlated in a nonlinear manner will be less stable over short searches than a lower

dimension and simpler system. Due to this, and the effect of importance sampling on decreasing

the effective number of samples in a search [29], we must either ensure that a random walk over a

probability density function of interest contains a sufficient number of samples or that the method

through which the region is sampled is optimized. More efficient sampling methods for high

dimensional spaces may be employed to address the issue of instability in the random search

when using SMC in future work in which the dimensionality of the problem has increased. This

will be particularly relevant when studying a more biologically realistic neural model with a larger

number of ion channels and a longer time series of data. Such improved sampling methods may

include the Metropolis-adjusted Langevin algorithm [34], Hamiltonian Monte Carlo methods

[9], or other adaptive random walk methods which drastically increase the rate at which the

approximated distribution converges to the sampled one [32].

The application of SMC to a neuron toy model produces interesting insight into the

system. In addition to discovering a new local maximum for the probability distribution which

predicts the future membrane voltage time series with a high level of accuracy, SMC analysis

of the data confirms assumptions made in previous work [35, 5, 18] about the structure of the
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probability distribution function. The distribution estimated by SMC analysis of NaKL simulated

data contains very rapidly decaying probability maxima in keeping with the structure of the

probability density function necessary for an accurate use of Laplace’s method. This search

confirms that optimization of the probability is an appropriate method for estimating parameters

in an NaKL neuron.

Further work on more complicated neurons can confirm this conclusion for other HH

neuron types. Besides confirming previous assumptions about the structure of the distribution,

SMC may be used in future work to study the effect of data quantity and quality on the probability

distribution. By applying SMC analysis to twin experiments with varying driving currents,

quantities of data, and noise levels, the necessary amount of data to best estimate the parameters

and states of the system can be determined. Adjusting the data and experimental design in

twin experiments until the estimated probability distribution contains the fewest number of local

maxima which decay rapidly and overlap with the parameters and states used to generate the data

may be used to inform the design of biological experiments to best utilize data collected from

neurons.

The second problem addressed in this thesis resulted in the application of DA methods to

ML problems. This work shows promise in streamlining the process of learning in a machine.

Determining the cost function through a generalization of the dynamical systems Action accounts

for both the quality of the data presented as well as the likelihood of the chosen transformation

function being an accurate one allows for the gradual enforcement of the mathematical model

determined by the chosen neural network structure. This gradual enforcement of the model

constraints allows for acceptable weight estimates that produce accurate predictions on new data

with less training and smaller neural networks than in previous ML work [26].

Given the correlation between prediction error and Action value demonstrated in Chapter

4, future work will focus on applying information gained from the Action due to VA to optimize

the structure of the neural network conditioned on the data provided. In other words, DA
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methods may be used to determine the most computationally efficient artificial neural network

needed to extract the maximum amount of information from available data. This will reduce the

computational strain required to analyze and train the machine while also providing insight into

the minimal mathematical transformation from input data to label which may in turn provide

information on the basis features of the data.
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